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ABSTRACT
If R is a commutative ring with identity, a finitely generated R- module P is defined to be symmetric (skew- symmetric)
projective (s.p) (s.s.p) R- module if and only if there exists a finite set ( a1, a2, …, an) of generators of P and an nxn symmetric
(skew- symmetric) matrix M=[rij] with entries in R satisfies the following:
1) U (Mt) = U
1*) U (-Mt) = U
2)

U

= ann(Mt)

2*)

U

= - ann(Mt)

In this paper, two kinds of projective modules are considered, we prove that, the homomorphic image and the product of two
(s.p) R- modules is (s.p) R- modules, some relations between (s.p) and (s.s.p) R- modules are proved. The dual module P* and the
bidual module P* of (s.p) and (s.s.p) R- module are studied.
KEYWORDS. Projective module, Multiplication module, Symmetric projective module, Skew-symmetric projective module

INTRODUCTION

L

et R be a commutative ring with identity, P
be a unitary left R- module, a fnitely
generated R- module P with generators U= ( a1, a2,
…, an) is projective if and only if the vector U= ( a1,
a2, …, an) is a semi- regular n- vector, see[5 ]. We
say that a finitely generated R- module P is
symmetric projective (s.p) R- module if and only if
there exists a finite set ( a1, a2, …, an) of generators
of P and an nxn symmetric matrix M=[rij] with
entries in R satisfies the following:
1) U (Mt) = U
2) U  = ann(Mt)
The matrix M is called the associated matrix
with P. In this work we prove that the homomorphic
image of a (s.p) R- module is (s.p) R- module and
the product of two (s.p) R- modules is (s.p) Rmodule. Also we say that a finitely generated Rmodule P is skew- symmetric projective (s.s.p) Rmodule if and only if there exists a finite set ( a1, a2,
…, an) of generators of P and an nxn skewsymmetric matrix M= [rij] with entries in R satisfies
the following:
1) U (-Mt) = U
2) U  = - ann(Mt)
The matrix M is called the associated matrix
with P. We prove that every (s.p) R- module is not

(s.s.p) R- module the converse is also not true, if P1
and P2 are two (s.s.p) R- modules then the product
P1P2 is (s.p) R- module but not (s.s.p) R- module ,
every cyclic R- module is (s.p) R- module but not
(s.s.p) R- module.
The dual module P* , P*= { L; L:M  R is a
module homomorphism} of a (s.p) R- module P is
(s.p) R- module with associative nxn symmetric
matrix M= [rij] , also if P is (s.s.p) R- module then
P* is also (s.s.p) R- module with associated nxn
skew- symmetric matrix –M= [-rij] and the dual of
P* is (P*)* is also (s.s.p) R- module with associated
nxn skew symmetric matrix M= [rij]. It was proved
in [7] that if P is f.g projective R- module then ann
P= ann P*, we prove that if P is f.g (s.s.p) R- module
then ann P*= -ann P.
For a reference to the basic concepts appearing
in this work consult [2], [3], [4], [8].
Proposition1.1: Every symmetric projective Rmodule is projective.
Proof: It is clear, so the proof is omitted.
Theorem 1.2: Let M be (s.p) R-module and K Rsubmodule of M, then the quotient R- module M/K
is (s.p) R- module.
Proof : Assume that P is generated by the
components of the vector U= ( a1, a2, …, an). There
exists an nxn symmetric matrix M=[ rij] such that
UMt= U, U  = ann(Mt). Then the quotient module

1
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P/K generated by the components of the vector V=
(a1+K, a2+K, …, an+K) and with associated
symmetric matrix Mt. It is easy to check that VMt=
V and V  = annMt .
Theorem 1.3: Let f: P1  P2 be an R-module
homomorphism , if P1 is (s.p) R-module, then f(P1)
is (s.p) R- module.
Proof: Since f is an R- module homomorphism,
then
P1/kerf  f(P1) by first isomorphism theorem for Rmodules Thus by the above proposition it is (s.p) Rmodule.
Note: On a commutative ring with identity, a row
n- vector U  Rn is semi- regular if there exist an
nxn matrix M with elements in R such that:
UM= U ann(U)= ann(M)
The matrix M is said to be associated to the nvector, see[5]
Theorem 1.4: Let P1, P2 be two (s.p.)R- modules
then the product P1P2 is (s.p) R-module.
Proof : Assume U1=( a1, a2, …, an ) is semi- regular
n- vector generated the module P1 with associated
nxn symmetric matrix M1= [rij] , and U2=( b1, b2,
…, bn ) is semi- regular n- vector generated the
module P2 with associated mxm symmetric matrix
M2= [cij] . We prove that (M1* M2)t is associated
with U1*U2, where the operation * is the non-scalar
multiplication called ( kronecker product) for
matrices.
(U1. M1t) *( U2 .M2t)= (U1*U2) .( M1t *M2t)
Thus U1*U2= (U1*U2). ( M1t *M2t)
With associated mnxmn matrix, we can write in
matrix block form as follows:

2

 r11M 1t

t
r12 M 2
 .

 .
 .

t
r1n M 2

t

r21M 2
t
r22 M 2
.
.
.
t
r2 n M 2

.
.

.
.

.
.

.

.

.

t
r n1 M 2 
t
rn 2 M 2 
. 

. 
. 

t
rnn M 2 

 x1 
x 
 2
 . 
 =
 . 
 . 
 
 x mn 

0 
0 
 
.
 
.
.
 
0 
But M1t *M2t is symmetric
Hence P1P2 is (s.p) R-module.
Note: 1) Let P1 be f.g (s.p) R-module and P2 be f.g
projective R-module, then their product P1P2 is not
(s.p) R-module.
2) Let I be f.g projective ideal of the commutative
ring with identity R and P be f.g. (s.p) R- module,
then the product IP is not (s.p) R- module.
Corollary1.5 : Let M1, M2, …, Mn be finite number
of
f.g (s.p) R- modules then the product M1 M2 …Mn
is
(s.p) R-module.
Proof : By Theorem 1.4, and by using mathematical
induction.
Definition 1.6: Let R be a commutative ring with
identity a finitely generated R- module P is skewsymmetric projective (s.s.p) R- module if and only
if there exists a finite set
( a1, a2, …, an) of generators of P and an nxn skewsymmetric matrix M= [rij] with entries in R satisfies
the following:
1) U (-Mt) = U
2) U  = - ann(Mt)
Note: Every (s.p) R- module is not (s.s.p) Rmodule, also every (s.s.p) R- module is not (s.p) Rmodule.
Theorem 1.7: Let P1 and P2 be two R- modules
such that P1 is (s.s.p) R- module and P2 is (s.p) Rmodule then the product P1P2 is not (s.s.p) but its
(s.p) R- module.
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Proof: Assume that the vector U1=( a1, a2, …, an )
generate the R- module P1 with associated nxn
skew-symmetric matrix M1= [rij] , and the vector
U2=( b1, b2, …, bm ) generate the R- module P2 with
associated mxm symmetric matrix C= [cij], then
The vector U1*U2= ( a1b2, a2b2, …,a1bm, …, anbm )
generate the R- module P1P2 , where * is the
kroneker product [U1. (-M1t)] * [ U2 .(-M2t)]=
(U1*U2)
.[(-M1t) * (-M2t)]
U1 * U2 = (U1*U2) [M1 * M2]t
Its not (s.s.p) R- module, but its s.p R- module.
Theorem1.8: Let P1 and P2 be two f.g R- modules
such that P1 is (s.p) R- module and P2 is (s.s.p) Rmodule then their product P1P2 is (s.s.p) R- module.
Proof : Let the R- module P1 generated by the
vector U1=( a1, a2, …, an ) with associated nxn
symmetric matrix M1= [rij] , and the R- module P2
generated by the vector U2=( b1, b2, …, bm ) with
associated mxm skew- symmetric matrix C= [cij],
then we want to prove that – (M1 * M2)t is
associated with the vector U1* U2
U1 (M1t)= U1
U2 (-M2)t= U2
[U1. (M1t)] * [ U2 .(-M2t)= (U1*U2) .[(M1t) *(- M2t)]
U1 * U2 = [U1*U2] . [-(M1 * M2)t]
Hence P1P2 is (s.s.p) R- module.
Corollary1.9: The product of finite and even
number of (s.s.p) R- module is (s.p) R- module.
Proof : By Theorem 1.11, and using mathematical
induction the result yields.
Theorem1.10: Every (s.s.p) R- module is not
multiplication R- module.
Proof: Let P be (s.s.p) R- module generated by the
vector U1= ( a1, a2, …, an ) there exist an nxn skewsymmetric matrix M1= [rij] such that U (-Mt) = U,
and U  = - ann(Mt)
Since trace (-M)t  1, see[1]
Thus it is imposible that P be a multiplication Rmodule.
Theorem1.11: Every cyclic R- module is not (s.s.p)
R- module, but it is (s.p) R- module.
Proof: Since P is cyclic R- module generated by a
single element a, then there is no an [x] skewsymmetric matrix M satisfies, aM= a and a  = ann
M
Hence P can not be (s.s.p) R- module.
But it is s.p R- module.
Theorem1.12:If P is (s.s.p) R- module and I be
projective ideal of R, then IP is (s.s.p) R- module.

Proof: Its clear so its omitted, see[ 5].
An R- module P is called multiplication Rmodule if for every submodule N of P, there exist
an ideal in R such that N= IM, see[1], [9].
Definition 1.13: R is said to be an ID- ring provided
that for every M= M2  Rn, n=1, 2, , there exists an
invertible matrix N Rn such that MNM-1 is a
diagonal matrix, see[10 ].
Corollary1.14: If R is an ID ring, then every
finitely generated R-submodule is not multiplication
(s.s.p) R- submodule.
Proof: Since in ID ring every idempotent matrix
with elements in R is equivalent to a diagonal
matrix see[10] , but in multiplication module the
trace of the associated matrix is one zero then its
impossible to be multiplication (s.s.p) R- module,
see[ 6].
2. ON The DUAL P* of a (s.p) R- MODULE
Let P be a f.g (s.s.p) R- module generated by
components of the vector U= ( a1, a2, …, an ),
define

L( j ) : P  R
x  P
n

x=

a x
i 1

i

i

, xi  R

j,1  j  n , then
n

L( j ) ( x)   r ji xi

, L( j ) ( x) = 0

if i=j

i 1

Lj is well defined and is an R- homomorphism,
and P* generated by U*= { Lj: 1  j  n }.
It s clear that if P is projective R- module then
the dual R- module P* is projective, (see[2], p.146).
Theorem2.1: If P is (s.p) R- module then the dual
R- module P* is also (s.p) R- module.
Proof: The dual R- module P* generated by
components of the vector U*= (L1, L2, …, Ln) with
associated nxn symmetric matrix ( Mt)t= M satisfies
the following conditions:
1) U*(M)= U*
2) U  = ann(M)
Theorem2.2: If P is (s.s.p) R- module then the dual
R- module P* is also (s.s.p) R- module.
Proof: Let the dual R- module P* generated by
components of the vector U*= ( L1, L2, …, Ln) with

3
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associated nxn skew-symmetric matrix ( -Mt)t= -M
satisfies the following two conditions:
1) U*(-M) = U*
2) U  = -ann(M).
It was proved in [ ] that if P is f.g projective Rmodule then ann P= ann p*, we prove that if P is f.g
(s.s.p) R- module then ann P*= - ann p.
Proposition2.3: Let P be f.g (s.s.p) R- module then
ann P*= - ann p.
Proof: Let P be f.g (s.s.p) R- module generated by
the vector U= ( a1, a2, …, an ) with associated nxn
skew- symmetric matrix M1= [rij] satisfies the
following conditions:
1)U= U M
2) L et y  P*, then
y. ( L1, L2, …, Ln)= 0
( y L1, y L2, …, y Ln)= 0
y L( j ) ( x) = 0  j= 1,2, …, n

In the same way, we can prove the reverse
inclusion.
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دةربارةى موَديوىل هاوجىَ دذة هاوجىَ ي كةوتو
ثوختة
با

R

ئةلقةيةكي ئالوكّوري بة دانةي بىَ اليةن بيَت ,بة موَديولي كوَتا دروست بوو Pدةكّوتريَت هاوجىَ (دذة هاوجى)

كةوتوو ئةكّةر و تةنها ئةكّةر كوَمةلّةيةكى كوَتا
)  U= ( a1, a2, …, anلة دروست كراوة هةبيَت بوَ  Pو رِيزكراويَكى هاوجىَ(دذة هاوجىَ) بة ثلةى  M1= [rij] , nxnئةم
خاسيةتانةى خوارةوة جىَبةجىَ بكات:
*

t

1 ) U (-M ) = U
)2*) U  = -ann(Mt

1) U (M ) = U
)2) U  = ann(Mt
t

يةك بةدواى يةك.
بوَ ئةم دوو جوَرة موَديوالنة هةنديَك ئةجناممان سةملاندووة لةوانة ويَنةى شيَوةكّرو ئةجنامى ليَكدانى دوو موديوىل هاوجىَ
َدةكّريَت ,لةكّةل دراسةتكردنى ثةيوةندى نيَوان هةردوو جوَرة موَديولةكان.
خاسيةتة دراوةكة هةل
هةروةها دراسةتى موَديولي هاوتا * Pوهاوتاى دوواني ** Pبوَ موَديولي هاوجىَ دذة هاوجىَى كةوتوو كردووة.

حول الموديوالت االسقاطية المتناظرة واالسقاطية المتخالفة المتناظرة
الخالصة

اذا كانت  Rحلقة ابدالية احادية ,نقول للمقاس المنتهي التولد  Pاسقاطي متناظر (متخالف متناظر) اذا وفقط اذا وجد مجموعة

منتهة

) U= ( a1, a2, …, an

الخواص االتية:

من المولدات للموديول

P

ومصفوفة متناظرة(متخالفة متناظرة) من سعة
*

t

1 ) U (-M ) = U
)2*) U  = -ann(Mt

M1= [rij] , nxn

يحقق

1) U (M ) = U
)2) U  = ann(Mt
t

على التوالي.

لهذين النوعين من الموديولين اثبتنا نتائج عديدة منها الصورة التشاكلية و حاصل ضرب موديولين من النمط ) (s.pيحمل الخاصية

ذاتها .كذلك درسنا العالقة بينهما.

اخيرا ,وليس اخرا درسنا المقاس الرديف

المتناظر.

5

*P

والمقاس الثنائي الرديف

**P

للمقاس االسقاطي المتناظر واالسقاطي المتخالف
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ABSTRACT
In this paper, we describe two new algorithms which are modifications of DFP and SR1 methods, our
modifications are obtained from Pan's second QN-method condition, we have tested these algorithms on several highdimension test function promising numerical results.
KEYWORDS: Unconstrained Optimization, Quiz- Newton algorithm, Pan's second QN-method condition.

1-INTRODUCTION

Where

W

e are concerned with the following
unconstrained minimization problem:
minimize f(x)
(1)
where f: R n  R is smooth and its gradient
f (x) is available, there are several kinds of
numerical methods for solving (1) , which
include the steepest decent method, the Newton
method and quasi-Newton method ,for example,
a popular kind of them for solving (1) is the
quasi- Newton (QN) or variable metric (VM)
methods. Given an initial point x1, nxn matrix H1
(H1 is non singular ) ,VM-methods proceed to
generate the following iterative sequence at the
kth iteration:
1- Compute g ( x)  f ( x) , the gradient of the
function f(x) at the current point x k
2- compute the search direction
(2)
d k  H k g k
3- Apply appropriate line search strategy along
the search direction d k to find a step-size
 k d k  0 such that the following Wolf’s
condition are satisfied
(3)
f ( xk  k dk )  f ( xk )  1 k gkT dk
gT ( xk   k dk )dk  2k gkT dk

(4)

Where 0  1  0.5 and 1   2  1
4- set xk 1  xk   k d k
5- Update the H k by
H k 1  H k  Q

A general kind of QN updates was proposed
by Broyden :
H k 1  H k 

Where

H k yk yTK H k
yTK H k yk

Rk 

 k   ( k ) 
k 
k 



vk vkT
vkT yk

vk
v kT

yk



 k ( yTK H k yk ) Rk RkT

H k yk
T

y K H k yk

1 k
1 k k k

y TK H k y k

(7)
(8)
(9)
(10)

v k y TK
vTK H k vk

(11)

vkT yk

The most popular QN-methods are defined
from (7) by choosing different values of  k , for
k 

v kT y k
v kT y k  v kT H k v k

, we get the symmetric rank-

one formula(SR1) . For  k  1 ,we get the DFP
formula, due to Davidon,Fletcher,and Powell.
For  k  0 we get the BFGS formula, due to
Broyden, Fletcher, Goldfard, and Shanno.
[Fletcher, 1987]
2. LINE SEARCH METHOD:

(5)

where Q is a correction matrix, usually, the
updating matrix Hk+1 is chosen to satisfy the
following quasi-Newton like condition
(6)
H k 1 y k   k v k

6

v k  x k 1  x k

y k  g k 1  g k , and  k is scalar.

A
well-known
algorithm,
for
the
unconstrained minimization of a function f(x) in
n variables (1) , having Lipschitz first partial
derivatives, is the steepest decent method
[Fiacco,1990 ] and [Polak, 1997].The iterations
correspond to the following equation
(12)
xk 1  xk  k g ( xk )
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where  k is the smallest positive value of  k
that
locally minimizes
f
along the
direction  g ( x k )
starting xk ,[Curry,1944]
showed that any limit point x * of the
sequence{ xk } generated by (12) is stationary
point (  g ( xk )  0 ). The iterative scheme (12) is
not practical because the step-size rule at each
step involves an exact one-dimensional
minimization problem.
However, the steepest decent algorithm can be
implemented by using inexact step-size rule was
proposed by Armijo [Armijo, 1966]. It can be
shown that, under mild assumptions and with
different step-size rules, iterative scheme (2)
converges to a local minimizer x * or saddle point
of f(x) , but its convergence is only linear and
sometimes slower than linear. The steepest
decent method is particularly useful when the
dimension of the problem is very large However,
it may generate short zigzagging displacements
in a neighborhood of solution [Fiacco,1990].In
the algorithmic framework of steepest decent
method, Goldstein [Goldstein, 1962 ,1965],
and[Goldstein and Price1967] investigated the
iterative formula
xk 1  xk   k d k
(13)
where d k satisfies the relation
g kT d k  0

(14)

Which guarantees d k that a descent direction
of f(x) at xk ,[Cohen,1981] and [Nocedal and
Wright ,1999]. In order to guarantee the global
convergence, it is usually required to satisfy
decent condition,
g kT d k  c g k

2

(15)

where c>0.The angle property
cos  g k , d k  

g kT d k
 0
gk . dk

(16)

is often used in many situations, with
 0  (0,1], observe that many alternative linesearch rules to choose  k along the ray
S k  {x k  d k ,   0} , Namely:(a)Minimization Rule. At each iteration,  k is
(17)
f ( xk   k dk )  min f ( xk  dk )
 0

(b)Approximate Minimization Rule. At each
iteration,  k is selected so that:
 k  min{  / g ( xk  dk )T dk  0,  0}

(18)
(c) Armijo Rule. Set scalars sk,  ,L, and  with

sk  

g kT d k
L dk

2

1
,   (0,1) , L  0 and   (0, ),
2

Let α k be the largest α in{sk , γsk , γ 2s k ,...}
such that

f k  f ( xk  d k )   g kT d k

(19)

(d) Limited Minimization Rule.
Set s k  

g kT d k
L dk

2

where  k is defined by

f ( xk   k dk )  min f ( xk  dk )
 0

(20)

and L>0 is a given constant.
1
2

(e) Goldstein Rule .A fix scalar   (0, ) is
selected, and  k is chosen in order satisfy


f ( xk   k d k )  f k

 k g kT d k

 1

(21)

(f) Strong Wolfe Rule. At the kth iteration,
 k satisfies simultaneously
f k  f ( x k  d k )   g kT d k

(22)

g ( xk  d k ) T d k   g kT d k

and

where   (0, 1 ) and   ( ,1) .
2

3-ARMIJO’S LINE SEARCH RULE:
Armijo provided in (Armijo, 1966) a
modification of the steepest descent method
which automatically adapts step size  k of the
iterative scheme xk 1  xk   k f ( xk ) ,this method
convergence result are as follows;
Suppose that the function f is continues and
bounded below on Rn .Assume that for a given
x0  Rn is continuously differentiable on the
bounded level set  ( x0 )  {x : f ( x)  f ( x0 )} and
that there exist a unique point x *  R n which
minimize f suppose further that the equation
f ( x k)=0 is satisfied for x0   ( x0 ) if and only
if x=x* and that g is lipschitz continues on  ( x0 ) ,
that is mean there exist a lipschitz constant k≠0,
such that f ( x)  f ( y)  k x  y ; for every pair
x,y  s( x 0 ) .let  0 be any arbitrary assigned
positive number, and consider the sequence
 old
 new  m1 , m=1,2,3,... Then for the sequence of
2

points x k k 0 defined by
x k 1  x k   kT f ( x)

(23)
where m is the smallest positive integer for
which

7
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2
1
f ( x k   kT f ( x k ))  f ( x k )    km f ( x k )
2

d kT y k  0.0015 y k . d k

(27)

where y k  g k 1  g k is satisfied [Dixon,1975].

it holds that lim x  x *
k 

Next, a high-level description of the Armijo's
algorithm, in which the corresponding
parameters indicate point,  0 an arbitrary large
Initial step size, MIT (number of iterations) the
maximum number of iterations required and is
the predetermined desired accuracy.

6-DERIVATION OF THE NEW SELF_
SCALING QN-METHOD:
(NEW 1):Since Bk and B k1 are symmetric, it is natural

go

to require that H k the approximation to B k1 be
symmetric.
In this section, a new class of scaling QN
update for solving unconstrained non linear
optimization problems is proposed.
Consider line search descent methods for solving
the unconstrained optimization problem (1) .
Each method generates a sequence of points
{ x k } for k=1,2,… until termination . The initial
point x0 is give if g k  0 for some k, then the

to step (6); otherwise, set m=m+1 and go to the
next step.

method terminate with x k  x * (a stationary
point), otherwise, a search direction d k is

4-OUT LINE OF MODIFCATION OF
ARMIJO LINE SEARCH (ALGORITHM2)
1. Input { f , x0 ,  0 , MIT ,  }
2. Set k=1
3. If k<MIT, replace k by k+1, set    0 ,m=1
and go to next step: otherwise, go to step(8)
1
2

4. If, f ( x k   k f ( x k ))  f ( x k )    k f ( x k )

5. Set  

0

2 m 1

2

and return to step (4).

6. Set x k 1  x k   k g ( x k )
7. If f (x k )   go to step (8); otherwise go
to step (3).
8. Output x k ; f (x k ); f (x  )
5-RESTARTING CG-ALGORITHEM
Powell in[Powell, 1977] suggest a
modification to the Beal's restart algorithm
which is very promising in practice, Powell's
modification is to use Beal's restart direction.
(24)
d k 1  g k 1   k d k
T

Where  k  g k T1g k 1 for every steps, whenever
gk gk

g kT1 g k  0.2 g kT1 g k 1

(25)

is satisfied , since successive gradients are
necessarily orthogonal in Beal's algorithms with
the exact line search when f(x) is quadratic.
Powell suggested that the restarting is also
necessary when the direction (24) is not
sufficiently
downhill;
therefore
Powell
recommended restarting whenever the following
inequalities are satisfied:
(26)
1.2 gkT1gk 1  dkT1gk 1  0.8 gkT1gk 1 , k  1
The Powell in 1977 showed that Beale's
algorithm with his restarting criterion is very
promising technique. Dixon in 1985 suggested
another restarting criterion CG-algorithm when:

8

defined for which, gkT dk  0 (the descent property) .
Then a new iterate is defined by the line
search xk 1  xk   k d k , where  k is a step
length chosen to minimize f along d k for which
gk 1dk  0 ,in this case the line search is exact[the
step-size  k  0 which calculated to satisfy
certain line search condition and d k is an ndimensional real vector representing the search
direction.
For QN methods, d k is defined by(2) ,
where the matrix H k is an approximation to G1
,the inverse Hessian of the function f(x) we start
now a new self scaling ,restarting DFP method
based on the second order quasi-Newton
condition :
Bk 1v k  2 y k  Bk v k
( 28)
where B k is an approximation of the Hessian
 2 f ( x k ) and in an approximation sense, this

new condition is of second order in contrast to
the first order of the classical quasi-Newton
condition (6).
This is called the second order quasi- Newton
condition and its relevant updates the second
order quasi-Newton formula,[Pan,1988].
To derivate the modified QN-update, we
begin from equation (28) and multiplying by
B k11
Bk 1v k  2 y k  Bk v k ,

Bk11 Bk11v k



2Bk11 y k

we
 Bk11 Bk v k

have
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It

is

Bk11 Bk1 1  I (Identity

clear

and H k 1 

Bk11

matrix)

, implies that

v k  2H k 1 y k  H k 1 y k

(29)

where Bk v k   y k , such that
v k  H k 1 y k (2   )
Now, multiplying (30) by

y kT

(30)
we obtain

y kT v k  y kT H k 1 y k (2   )

we simplify to get ,
  2

y kT v k

(31)

y Tk H k 1 y k

Now, in the rank one correction formula the
correction term is symmetric, and has the form
 k z k z kT ,where  k  R and z k  R n . Therefore,
the update equation is H k 1  H k   k z k z kT , note
that rank(

z k z kT

)=1.Our goal now is to determine

 k and z k given H k , v k  x k 1  x k
so that the required
y k  g k 1  g k ,
relationship discussed in the above is satisfied
,namely
to begin ,let us first consider the
condition v k  H k 1 y k (2   ) . In other word,
given H k , y k , and v k , we wish to find  k and z k
to ensure that,
v k  H k 1 y k (2   )   k z k z kT y k (2   )
(32)

Taking the

inner

product

with y k

we

have, y Tk v k  y Tk H k y k (2   )   k ( z kT y k ) 2 (2   ) ,
where z k 

v k  H k y k (2   )

(33)
 z Tk y k (2   )
Now ,we determine
v k  H k y k ( 2   )v k  H k y k ( 2   ) T
T

 k zk z k 

 k (z Tk y k ) 2 (2   ) 2
(

  k z k z Tk 

vk
v
 H k y k )( k  H k y k ) T (2   )
2
2

u

vk
2

H k 1 yk  H k yk  a

vk
v
 H k y k )( k  H k y k )T
2
2

 k z 2k y k 2

1

a

vk
v
 H k y k )( k  H k y k )T
2
2
H k 1  H k 
ykT vk
 ykT H k y k
2



T

u yk

1

b

and

v kT

yk
2

1
y kT

H k yk

and finally
H k 1  H k 

(H k y k )(H k y k )T
1
v vT

( Tk k )
T
(γ k  2) v kly k
yk H k yk

(39)

from equation(39) it is very clear where γ  1 ,
we get the standard formula DFP.
THEOREM (1): we first demonstrate that if
H k is positive definite, then H k 1 is also positive
definite.
Proof: for any x  En ,we have
x T H k 1 x  x T H k x 

(xT vk ) 2
v Tk y k

1
a= H k2 x k ,

Defining



(x k H k y Tk ) 2

(40)
y Tk H k y k
1
b  H k2 y k , we may

(aT a)(bT b)  (aT b)2 ( xT vk )2
 T
(bT b)
v k yk

(41)

Also we have
(34)

v Tk y k  v kT g k 1  v kT g k

Since v kT g k 1 =0, because x k1 is the minimum

This implies that
(

vk
v
( k )T yk  bH k yk ( H k yk )T yk (38)
2 2

which implies au T y k  1 and bwT y k  1 , thus
determine a and b such that

xT H k 1x 

(

and w  H k y k , Then we obtain

rewrite (40)

 k (z Tk y k ) 2 (2   ) 2

Then
 k zk z Tk

(New 2):
Amore flexible is obtained by allowing the
correction to be rank two, and such a formula
can always be written
(36)
Hk 1  Hk  auuT  bwwT
n
where a , b  R and u, w  R
Again the second order Quasi-Newton
condition
(28)
giving v k  H k 1 y k (2   )
multiplying (36) by y k to get
(37)
Hk 1 yk  Hk yk  auuT yk  bwwT yk
The vectors u and v are no longer uniquely
determined. In view of (36), it is adequate
choose

(35)

Observe that if   1 , we get the standard
symmetric Rank one update.

point of f along v k , thus by definition of v k ,we
have
v Tk y k  g Tk H k g k
Hence equation (41) become
T 2
(aT a)(bT b)  (aT b) 2 ( x vk )
xT H k 1x 

(bT b)
g Tk H k g k

(42)

(43 )

9
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Both term on the right of (43) are
nonnegative the first by the Cauchy-Schwarz
inequality. We must only show they do not both
vanish simultaneously. The first term vanishes
only if a and b are proportional. These in turn
implies that x and y k are proportional,
say x  y k . In that case, however,

proof: For CG (conjugate gradient) -method we
have d k 1   g k 1   k d k
(45)

v Tk x  v Tk y k  g Tk H k g k  0 and from (42).
Since H k is positive defined and y k  g k 1 - g k  0 , it
is hold and for exact line search we have
v Tk y k  0 because v Tk y k  d k (g k 1  g k ) where
  0 is a step size and d k is the search
direction ,That is mean d k g k 1  0 (exact line

d kT1 g k 1   g kT1 g k 1   k d kT g k 1   g k 1

search)

and

 d k g k  g Tk g k  0 Hence

obtain that the  

v kT y k
T
yk Hk yk

0

we

and H k is

positive, therefore
 0 ,so we get that
the Hk+1 is a positive definite.
y Tk H k y k

7-OUTLINES OF NEW SELF SCALING
UPDATE (NEW1 and NEW2):Step (1):- set x 0 ,  , and H 0  I
Step (2):- for k=0, 1, 2…n set d k  H k g k .
Step(3):-compute xk 1  xk   k d k ,where
 k optimal step size, otherwise go to step (5).
Step (4):-check if g k 1 <  then stop,
Otherwise go to step (5).
Step (5):- v k  y k 1  y k and y k  g k 1  g k .
Step (8):-compute, H k 1 as
v
v
( k  H k y k )( k  H k y k )T
2
2
H k 1  H k 
ykT vk
 ykT H k y k
2

H k 1  H k 

(NEW1)

(H k y k )(H k y k )T
1
v vT

( Tk k )
T
(γ k  2) v kly k
yk H k yk

(NEW2)

Step (9):- compute
gT g
d k 1   H k 1   k d k . where   k 1 1 .
k
gT
k gk

Step (10):- if g kT1 g  0.2 g kT1 g k 1

go to

step (2), otherwise, k=k+1 , and go to step (3).
THEOREM(2): let x k 1  be a sequence
generated by algorithm (2), with condition exact
line search , then the our direction dk+1 satisfied
the sufficient descent condition.
dkT1gk 1  0
(44)

10

gT g 1
where  k  k 1 . ,
gT
k gk

according to the exact line

search condition d kT g k 1  0 ,now multiply (45)
by
gk+1, we get the following
because

d kT

g k 1  0 (ElS) condition

2

 0,

, then

2

 k d kT g k 1  0 ,and always g k 1 >0 , therefore
d kT1 g k 1  0 ,now we prove when we have PCG

(precondition conjugate gradient ) method
d k 1   H k 1 g k 1 

gT
k 1 H k  1 g 1
gT
k gk

dk

(46)

Now multiply equation (46) by gk+1 we get,
gTk  1H k  1g k 1
T
T
T
dk 1 g k 1   g k 1H k 1g k 1  g k 1
d k (47)
gTkg k
By theorem (1),we note Hk+1 is positive
g kT1H k 1g k 1  0 , therefore the first term of left
side of (47) negative, and the second term is
equal to zero, because the exact line search
condition i.e. g kT1

g kT1 H k 1 g k 1
g kT g k

dk  0

Therefore d kT1g k 1  0 , that is means our
direction dk+1 satisfied the sufficient descent
condition.
8-NUMRICAL RESULTS:The comparative tests involve well-known
nonlinear problems (standard test function) with
different dimension 4 ≤n≤1000, all programs are
written in FORTRAN95 language and for all
case
the
stopping
condition
is
5
g k 1   10 (48)
Our line search subroutine computes  k such
that the equation (4) holds we used the
modification Armijo line search technique,
directly adapted from [Armijo,1966].
The numerical resulted of our tests are reported
in tables (1) and (2), the first column denoted to
problem name, numerical resulted are given in
form of NOF/ NOI,where NOF and NOI denote
the number of function value evaluation and the
number of iterations, respectively, it is very clear
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Table(1):-Comparative performance of the two algorithms for group of test function (classical SR1 method and
new1 method in two cases γ=1.4 and   2 
Test
problem

SR1

New1

N
γ=1.4

Powell

Wood

Rosen

Cubic

Dixon

4
100
500
4
100
500
44
100
500
4
100
500
4
100
500

NOI(NOF)
18(56)
37(108)
64(192)
38(149)
304(1457)
951(3244)
39(145)
313(1064)
929(3265)
19(67)
47(155)
69(210)
9(28)
342(1245)
301(1680)

from new1 algorithm when we take γ=1, we get
the standard SR1 formula and it is clear when we
take γ=1 in new2 we get the standard DFP
formula , so we take γ=1.1, 1.2,…1.8, 1. 9 and
T
we can take   vkT y k During our numerical
yk yk
experiments we saw that the all above value of γ
made the new2 algorithm improve from DFP
standard, and we found the best choice for γ is
1.9 or 1.99, and the best values of γ to make
the new1 best from SR1 formula when it is

y kT v k
T
y k H k 1 y k

NOI(NOF)
18(64)
39(95)
40(104)
41(137)
285(855)
891(2619)
36(118)
234(2451)
866(2772)
16(58)
70(198)
44(130)
9(21)
227(732)
228(734)

  2

y kT v k
T
y k H k 1 y k

NOI(NOF)
95(345)
39(112)
39(112)
30(80)
28(69)
28(69)
31(108)
23 (71)
23 (71)
11(35)
11(35)
12(39)
16(37)
32(72)
16(37)

equal to 1.4 and 

 2

y kT v k
T
y k H k 1 y k

.

In
general
experiment
results
in
table(1)confirm that the new1 algorithm is
superior to standard SR1, and table(2)confirm
that the new2 algorithm is superior to standard
DFP, and we can see that new algorithms are
very effective for large scale problems if they are
well-defined theoretically ,experimentally and
for some group selected functions.

Table (2):-Comparative performance of the two algorithms for group of test function (classical DFP method and
new2 method in two cases γ=1.9 and γ=1.99)
DFP
Test
problem

Powell

Wood

Shallow

Gwolf

Miele

N

New2
γ=1.9

γ=1.99

20
100
500
1000
20
100
500
1000
20
100
500
1000
20
100
500
1000

NOI(NOF)
27(35)
91(109)
670(886)
1372(51)
23(48)
26(53)
30(64)
30(61)
25(36)
23(34)
28(40)
28(41)
27(52)
78(161)
84(172)
103(207)

NOI(NOF)
80(156)
43(96)
83(173)
83(173)
16(42)
15(39)
26(68)
26(68)
15(31)
15(31)
15(31)
15(31)
25(59)
86(243)
97(273)
96(268)

NOI(NOF)
42(124)
43(127)
44(130)
41(121)
5(45)
18(56)
20(62)
22(69)
15(45)
15(45)
15(45)
15(45)
27(52)
75(153)
77(158)
92(185)

20
100
500
1000

38(138)
62(138)
64(142)
64(142)

37(69)
38(71)
38(71)
42(78)

51(143)
51(143)
52(146)
52(146)
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9. COCLUSION
In summary, we modify two algorithms SR1
and DPF , in our modify we depended on Pan's
second QN-method condition An important
feature of the proposed two methods is that it
preserves positive deﬁniteness of the updates.
The numerical results for a broad class of test
problems show that the new methods are
efficientand robust in solving unconstrained
optimization problems. Finally, we may note
that the new methods outperform SR1 and DPF
methods.Specifically encouraging improvements
could be realized by our new method as the size
of the problem increases.
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ثوختة
) بوشيتةلكرناSR1و

PDF(خةوارزميني

دظىَ ظةكولينيَدا دوو خةوارزمييةن نوى مةيديتني ئةوذى بباشرتكرنا

 ئةجناميَن. يَى مرجى دووىَ يَي وةك نيوتنpan بروبليَميَن نةهيَلى دبابةتىَ (امثلية) يا نة سنورداردة بكارينانا شيَوةى
 ئةوذى بكارئينانا وان لسةرDFP وBFGS تيورى وثراكتيكى دياردكن كو ئةظ خةوارزمى ية باشرت ة ذ خةوارزمييَن
. هندةك نةخشيَن نةهيَلييَن خودان ديراتى ية كا مةزن

الخالصة

) لحل المسائل الالخطية في االمثليهPDF وSR1( في هذا البحث تم استحداث خوارزميتين جديدتين لخوارزميات

 النتائج النظرية والعملية أثبتت كفاءة الخوارزميتين،للشرط الثاني الشباه النيوتن

Pan

غير المقيدة باالعتماد على صيغيه

. القياستين باستخدام عدد من الدوال غير الخطية ذات االبعاد الكبيرةDFP  وSR1 الجديديتن مقارنة مع خوارزميتن

12

J. Duhok Univ., Vol. 15, No.1 (Pure and Eng. Sciences), Pp 13-20, 2012

DITERPENE ALKALOIDS FROM DELPHINIUM
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ABSTRACT
A new lycoctonine-type diterpene alkaloid Delphicarpum and a known alkaloid peregrine were isolated from the
arial parts of Delphinium Peregrinum.
The structure was proposed on the basis of NMR (1H- and 13C- ) , mass spectrum , and IR spectroscopic
measurements .
KEY WORD INDEX: Delpinium peregrinum eriocarpum Boiss; Ranunculaceae; diterpene alkaloids; Delphicarpum,
Peregrine

INTRODUCTION

T

he ancient Greeks thought the flower
bud of the plant Delphinium resemble a
dolphin, hence the name is Delphinium.
Polycyclic diterpene alkaloids have a
complicated diterpene nucleus. They are found
in plants in the Delphinium spp . The genus
Delphinium is identified in many herbal species
in Syria [1, 2]. Due to their diterpenoid alkaloids
of Delphinium species they are known to possess
insecticidal potential [3- 6].
Delphinium is a medical herb used for the
treatment of epilepsy, vermicide, toothache,
neurotoxic and asthma for a long space time [712]. The Delphinium alkaloids are currently
under investigation in search for new analgesic,
antiinflammatory drugs, muscular relaxation,
anticonvulsant, pyramis lesion and cardiac
effects [13- 15].
In the alkaloidal investigation of Delphinium
peregrium eriocarpum Boiss a known alkaloid
peregrine (2) was isolated from Delphinium
peregrinum var. elongatum Boiss and
Delphinium
peregrinum [16, 17], while
Unknown alkaloid (delphicarpum (1)) was
isolated and characterized using large scale
extraction followed by acid/base extraction to
yield a crude alkaloid fraction. HPLC will be
used to purify alkaloids.
EXPERIMENTAL
General Mps: uncorr.IR:CHCl3, MS spectra
were recorded on Varian GC/MS EI MS 70 eV.
NMR spectra were recorded in CDCl3 on Bruker
avance 300 MHz. Silica gel Merck pH=7, 230
mesh was used for column chromatography (C.C
), pH=7, 400 mesh was used for TLC and silica

gel 60 F254 Merck TLC plats. Visualization was
made using Dragendorff reagent.
Plant material.
Plants were collected at Amm Harten Village
between Homs and Tartous cities , Syria, during
the flowering period at the end of July 1999, and
authenticated by Prof. A.AL-Kateab, Botany
Department, Faculty of Science, University of
Damascus.
Extraction and isolation: Air-dried epigeal
parts (208.5 g) were extracted with methanolic
NH3 (2%) at room temp. Methanolic NH3 (2%)
extract was treated with 5% H2SO4. Methanolic
acid was neutralized with solution of 25%
NaOH and aqueous layer was extracted with
diethyl ether (Et2O) then with CHCl3 to give
crude alkaloid material (9.29 g). Column
chromatography (C.C ) on silica gel (8.02 g)
using the eluates: diethyl ether (Et2O) and
diethyl ether – chloroform (Et2O-CHCl3 )
(1 :1) then chloroform ( CHCl3 ) and chloroform
– Methanol- Ammonia ( CHCl3-MeOH-NH3 )
(1:2 : 1 ) step gradient, followed by further CC
and flash chromatography (F.C).Mixture of
Peregrine and Delphicarpum was obtained
Peregrine (2) (56) mg, and delphicarpum (1) (67
)mg were isolated by preparative TLC (Et2O:
Me2CO (5: 1), and TLC (C6H6: CH2Cl2:
MeOH(1: 6: 3) respectively.
Purification of delphicarpum (1)
was
assigned by TLC , GC, and HPLC.
The following observations were noted
Delphicarpum (1): Amorphous IR ν max
CHCl3
Cm-1 : 3683, 3435, 3009, 2946, 1725 1210,
1082, 784 Cm-1.
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H NMR ( 300 MHz ): δ 0.85 (3H, s, H-18),
1.14 (3H, t, J=6.99 Hz, H-21), 2.08 (1H, d,
J=5.78 Hz, H-19), 2.32 (H, t, J=5.54 Hz, H-13),
2.50(H, dd, J1=3.17, J2= 12.6 Hz, H-12),
2.86(1H, d, J=11.93 Hz, H-19), 3.32 and 3.45
(3H each, s, 2×OMe), 4.18 (H, d, J=6.91Hz, H15α), 4.71(H, t, J= 4.71Hz, H-14β), 3.52 (1H,br
s, (OH)), 5.29 (H, d, J=7.53 Hz, H-6α). EIMS
m/e (rel.int.) 521(1)[M+],492 (24), 491 (100),
490 (3), 431 (3), 401 (3), 400 (3), 98 (5), 91 (6),
79 (5),77 (5),58(24),56(5),45 (6),44 (5), 43 (92),
42 (6), 41 (5).For 13C NMR (300 MHz) Table 1 .
Peregrine (2): Crystalline, mp 120-122ºC
from hexane-EtOAc. [α]D + 20º 9c 0.2) ,Rf
(Et2O:Me2CO)(5:1) 0.56 , IR ν max CHCl3Cm-1 :
3680, 3450, 1725 Cm-1 (Scheme 9) EIMS m/e
(rel.int.) 492(2)[M+],492 (Scheme 10 1H NMR (
300 MHz ):Scheme 11, For 13C NMR (300
MHz) Table 1(Scheme 12 ) . [16, 17].
1

RESULTS AND DISCUSSION
The crude alkaloid material (9.29 g). was
isolated by column chromatography (C.C ) on
silica gel of (8.02 g) using diethyl ether (Et2O)
and diethyl ether – chloroform (Et2O-CHCl3 )
(1 :1) then chloroform ( CHCl3 ) and chloroform
– Methanol- Ammonia ( CHCl3-MeOH-NH3 )
(1:2 : 1 ) step gradient, followed by further C.C
and flash
chromatography (F.C), then by
preparative TLC (Et2O: Me2CO) ( 5: 1)
peregrine (2) 56 mg was isolated , Rf ( Et2O:
Me2CO) ( 5: 1) 0.56 , and by using a mixture
of (C6H6: CH2Cl2: MeOH ) (1: 6: 3) 67 mg of
delphicarpum (1) was obtained, Rf (C6H6:
CH2Cl2: MeOH) ( 1: 6: 3) 0.43 .
Purification of delphicarpum (1)
was
assigned by TLC , GC, and HPLC [18, 19].
The new alkaloid was determined by mass
and NMR data, showed characteristic signals of
C19-diterpenoid alkaloids in their NMR spectra
[16, 20,17, 11] and characteristic fragmentation
of such compounds in their mass spectra [11, 1618, 21-31].
The 1H-NMR spectrum of delphicarpum (1),
C28H43NO8 , Scheme 3 and Table 2 , gave signals
at δH 1.14(3H, t , J= 6.99 Hz), δH 11.89 (q) of an
N-ethyl group ,and a signal at δH 0.85(3H, s) of
methyl group, a signals at δH 3.32 and 3.45 (3H,
s) of two methoxyl groups, and one methoxyl
group at δH 3.17(3H, m) .
The 13C- NMR spectrum of delphicarpum
(1), (Table1) ( Scheme 4 ) ,gave signals at δC
48.50 t and δC 25.23 q of methyl group, and
one methoxyl group at δC 48.62 q, δC 48.62 q,
and at δC 20.24 q,20.64 q, 170.04 s,and 170.25 s.

31

The 13C NMR spectrum of delphicarpum (1)
contained only three singlets up field from 81
ppm at δC 32.80 (C-4), 47.63 (C-11) and 80.83
(C-8) .The other two methoxy groups were
situated at C-14α and C-16β to account for the
one-proton signals at δH 4.71(H, t, J= 4.71 Hz,
14-Hβ) and 3.11(m, H-16α), which in turn gave
one-bond connectivity with the methine carbon
resonant at 75.09 and 91.37 ppm respectively, in
The HMQC spectrum (Table -2) ,and (Scheme
7 )[16,22, 32].
The methine carbon resonances at δC74.14
suggested the presence of the secondary
hydroxyl group at δH 3.52(br s, OH) connected
with C-15β in the molecule [16, 18, 17], and one
proton at δH 5.29(H, d, J=7.53Hz , H-6β) which
is connected with C-6 which showed a signal at
δC 71.41, and one proton of both protons
connected with carbon (C-12) gave a signal at δH
2.50(H, dd, J1=3.17, J2=12.6 Hz, H-12) in which
C-12 gave a signal at δC 28.15 t , while one of
the adjacent proton connected with C-13 gave a
signal at δH 2.32(H, t, J=5.54 Hz, H-13) in which
C-13 gave a signal at δC 36.41d , and two
methylene protons showed a signal at δH
2.08(1H, d, J=5.78 Hz, H-19), δH 2.86(H, d,
J=11.93 Hz, H-19)which are connected with C19 that gave a signal at δC 56.83 ppm.
The other 1H and 13C NMR signals (Table 1
and 2) were in agreement with the proposed
structure and assignments were made by
comparison with spectra of peregrine (2) , 1H
COSY and HMQC data (Table 2) (Scheme 7 )
[6, 13, 22, 32- 34].
The Infra- red Absorption Spectrum (IR ) of
(1)(Scheme 1)(Amorphous )(IR ν max CHCl3 )
showed an absorbance at 3683- 3435 Cm-1
indicating the presence of OH group , and the
presence of a strong peaks at 1725 Cm-1
indicating carbonyl group ( C= O ).
The mass spectrum (EIMS) of delphicarpum
(1) (Scheme2)has the following peaks:
521(1)[M+],492(24),491(100),490(3),431
(3),
401 (3),400 (3),98 (5),91(6),79(5),77(5), 58 (24),
56 (5), 45 (6), 44 (5), 43 (92), 42 (6), 41 (5).
A peak at m/e 521 represents the molecular
ion M+ which is corresponding to molecular
weight of delphicarpum (1), , the spectral region
adjacent to the M-peak may be used to reveal
substituent and functional groups, such as the
base peak appears at m/e 491 which indicated
the presence of methoxyl group which converted
into formyl HC=O, methoxyl (M-31), ethyl (M29) which are corresponding to the following
peaks of m/e 490 (3) , 492 (24) respectively. The
mass spectrum also gave the fragments of m/e –
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CH2OCH3
(45)(6),
CH3-C=O
(43)(92)
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Peregrine (1): R1=Me, R2=H, R3=H
Delphicarpum (2): R1=Ac, R2=Me, R3=OH
Table (1): 13C nmr assignments for delphicarpum (1) and peregrine (2).
Carbon Atom

Delphicarpum (1)
δC

Peregrine (2).
δH δC

1

82.27

84.13

2

24.62

25.9

3

28.75

36.45

4

32.80

33.91

5

54.00

55.71

6

71.41

72.81

7

35.20

41.71

8

80.83

78.52

9

40.56

43.97

10

44.33

45.59

11

47.63

47.58

12

82.27

84.13

13

36.41

37.93

14

75.09

74.82

15

74.14

32.47

16

91.37

81.85

17

62.77

64.26

18

25.23

25.29

19

56.83

56.85

20

48.50

48.71

21

11.89

13.07

1/

170.04

55.56

1//

20.24

-

6/

170.25

170.66

6//

20.64

21.19

/

47.68

8

48.62

14/

55.00

-

16/

56.24

55.86

Chemical shifts inδ ( ppm )down-field from TMS.
Carbon multiplicities determined by DEPT
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Table( 2): 1H- 1H-COSY and HMQC NMR data for delphicarpum (1)
1
No. of H atoms
H-NMR
MMQC-NMR
Correlated atom
1
1
δH
δC
H- H-COSY
(J Hz)
\\

1β

3.22

82.27 d

H-2 α, H-2 β, H-1 (vw)

2α

1.87 m

24.62 t

2β

2.15

28.75t

H-2 β, H-3,
H-1
H-2 α, H-3, H-1

3

1.25 s

5

1.50 s

54.00 d

H-17(m), H-7, H-6α

6α

71.41 d

H-7, H-5

7

5.29 d
(7.53)
3.17 d

35.20

H-6 α, H-5

9

3.35 d

40.56

H-14, H-10

10

2.15

44.33 d

12 α

1.97

28.15 t

12 β

2.50 dd
(3.17 , 12.6 )
2.32 t
(5.54 )
4.71 t
( 4.71 )
4.18 d
(6.91 )
3.11

91-37 d

17

3.22

62.77 d

18

0.85 s

25.23 q

19α

56.83 t

20 α

2.08 d
(5.78 )
2.86 d
(11.93
2.63 m

20 β

2.72 m

48.50 t

H-20 α, H-21

21

1.41 t
(6.99 )
1.97

11.89 q

H-20 α, H-20 β

20.24 q

H-1

1.97

20.24 q

H-18

13
14
15 α
16 α

19β

1

\\

6

\\

8

\

H-2β, H-2α,

H-9, H-12 α,
H-12 β (w)
H-12 β, H-13,
H-10
H-12 α, H-10 (w)

36.41 d

H-12 α, H-14

75.09 d

H-13, H-9, H-16 α (vw

74.14 d

H-16 α
H-15 α, H-14 (vw)
\
,H-16 (v.w)
H-5
H-3, H-6
H-19 β
H-19 α

56.83 t
48.50 t

H-20 β, H-21

3.17

48.62 q

-

14

\

3.32 s

55.00 q

-

16

\

3.45 s

56.24 q

H-16 α (v.w )

Chemical shifts inδ (ppm) down-field from TMS. Coupling constants in parentheses in Hz.
Scheme. (11): The 1H-NMR spectrum of peregrine (2) in CDCl3 Bruker 300 MHz.
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Scheme. (12): The 13C-NMR spectrum of peregrine (2) in CDCl3 Bruker 300 MHz.

Scheme. (13): The 13C-NMRexpand spectrum of peregrine (2) in CDCl3 Bruker 300 MHz.
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Scheme. (14): The 13C-NMR-DEPT-135 expand spectrum of peregrine (2) in CDCl3 Bruker 300 MHz.

Scheme. (15): The DQF-COSY spectrum of peregrine (2) in CDCl3 Bruker 300 MHz.

31

J. Duhok Univ., Vol. 15, No.1 (Pure and Eng. Sciences), Pp 13-20, 2012

Scheme. (16): The HMQC spectrum of peregrine (2) in CDCl3 Bruker 300 MHz.
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ABSTRACT
In this paper, we use the Schauder fixed point theorem to present an existence theorem for a class of fractional
boundary value problem (BVP) of order  ;   (1, 2) .
KEYWORDS: Fractional Boundary Value Problem, Existence of Solution, Schauder Fixed Point Theorem.

1. INTRODUCTION:

main result contains an existence theorem and an
example discussed later.

F

ractional differential equations arise in
the mathematical modeling of systems
and processes in physics, chemistry, electrodynamics of complex medium, and other fields.
The fractional BVP have recently proved to be
valuable tools in many phenomena in various
fields of science and engineering see for instance
[2, 3, 5, 6, 8] and references therein.
This paper deals with the existence of
continuous solution for the fractional BVP of the
form:
t

c
0

Dt y (t )  f (t , y (t ))   g (t , s , y (s )) ds , t  I

(1)

0

y (0)   , y (T )   .
(2)
Where  and  are positive constants.
By using Schauder fixed point theorem,
where c D  is the Caputo fractional derivative,
f : I    and
g : I    are
continuous functions.
Existence of solutions for fractional BVP
have been discussed by many authors, In [7],
Schauder fixed point theorem have been used for
proving the existence of fractional differential
equation D  y (t )  f (t , y ) where D  is the

Riemann-Liouville fractional derivative for
  (0,1) , and the existence of solutions for a
fractional BVP with   (0,1) was proved by
using Banach and Schaefer fixed point theorem
in [1].
This paper is organized as follows: section 2
contains the definitions and lemmas which will
be useful in the text, section 3 is related with our

2. DEFINITIONS AND LEMMAS:
In this section we introduce some definitions
and lemmas are used throughout the paper. By
C (I , ) we denote the space of all continuous
functions defined on I  [0, T ] into  , with the
norm:
y  max{ y (t ) , y (t ) C (I )},
t I

Definition 2.1.[5]. The Riemann-Liouville
fractional (arbitrary) order integral of the
fuonction y (t ) is defined by:
t

1
 1
t  s  y (s )ds , t  I

( ) 0
where Γ is the Gamma function.


y (t ) 
0 Dt

Definition 2.2.[6]. The Caputo fractional
(arbitrary) order derivative of the function y(t)
defined on I is given by :
t
1
n  1
c


D
y
(
t
)
t  s  y ( n ) (s )ds .
0 t

( ) 0
Definition 2.3. A function y(t )  C ( I , ) with
its
 - derivative exists on I is said to be a solution
of (1)-(2) , if y(t) satisfy the equation
t

D  y (t )  f (t , y (t ))   g (t , s , y (s )) ds
0

on I ,and conditions

y(0)   , y(T )   .

Definition2.4.[4]. Let {f n } be a sequence of
functions defined on an interval I. We say
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that {f n } is equicontinuous on I, if for any
positive number   0 there exists a positive
number  
(depends on  only) such that
f n (x 1 )  f n (x 2 )   , n  1 whenever

x 1  x 2  

for all x 1, x 2  I .

Lemma 2.5.[6]. For   0 , the general solution
of the fractional differential equation
c
D  y (t )  0 is given by
n 1

y (t )   c i t i
i 0

where ci  R and n  [ ]  1 .
2.6. Let 1    2 , and let
x : I   and k : I    be continuous, A

Lemma

function y is a solution of the fractional integral
equation:

y (t )   

t

t
1
(   ) 
(t  s ) 1[x (s )

T
( ) 0

s

  k (s , z ) dz ]ds 
0

T

t
(T  s ) 1
T ( ) 0
(3)

0

if and only if y is a solution of the fractional
BVP
t

D y (t )  x (t )   k (t , s ) ds , t  I


0

y (0)   , y (T )   .
Proof: The proof is straight forward.
Lemma 2.7.[7]. (Schauder fixed point theorem).
If Y is a closed bounded convex subset of a
Banach space X and  :Y Y is completely
continuous, then  has a fixed point in Y.
Lemma 2.8.[5]. If   0,   0
(  1)
a)
D  x  
x  
(    1)
b)



D e

x

 e


x

g (s , t , y 2 )  g (s , t , y 1 )  2 (t ) h2 ( y 2  y 1 )

where 1 , 2 , h1 and h2 are all defined and
continuous functions on [0, ) , where
h1 (0)  h2 (0)  0 .
(H3) D  1 (t ) and D  12 (t ) ; are bounded
by positive numbers M and N respectively for
t I .
20
f  0 g   0
(H4)      
(  1)



; R

3. MAIN RESULTS.
In this section we prove the existence for the
solutions of the fractional BVP (1) and (2)
provided that:

Theorem: Let all the hypothesis and conditions
(H1 - H4) were given. Then there exists a
continuous function y (t ) which defined by (3)
is the solution of the fractional BVP (1) and (2)
on [0, 0 ] .
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.  max . , let
t I

A (0 ,  0 ) be the set of all continuous functions
on [0,  ]   such that any function
and
y  A (0 ,  0 ) satisfies
y (0)   ,

y (t )   0 for all t [0, 0 ] .

It is clear that the set A (0 ,  0 ) is closed,
bounded and convex.
To apply the Schauder theorem, let y (t ) be a
function in A (0 ,  0 ) , define the operator
F on A ( 0 ,  0 ) as follows:
F ( y (t ))   

t

t

0

(   ) 

1
( t  s ) 1

( ) 0

s

[f (s , y (s ))   g (s , z , y (z )) dz ]ds 
0

o

s

0

0

t
0 ( )

 1
 (o  s ) [f (s , y (s ))   g (s , z , y (z )) dz ]ds

Since y (t ) is bounded and f and g are
continuous, hence the operator F ( y (t )) is
continuous for all t  I where o  I .
Step1: To prove that F maps A (0 ,  0 ) into
itself.
F ( y (t ))   

(H1) f and g are continuous functions on
I .



where 0  0  T ,0   0   .

Proof: Define the norm

s

[x (s )   k (s , z ) dz ]ds

(H2) f (t , y 2 )  f (t , y 1 )  1 (t ) h1 ( y 2  y 1 )
and

t

0

t

(   ) 

1
( t  s ) 1

( ) 0
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s

t
[f (s , y (s ))   g (s , z , y (z )) dz ]s 
0 ( )
0
o

 (

o

0

 2 D  1 (t ) h1 ( y n  y )  2 D  12 (t ) h2 ( y n  y )

 2M h1 ( y n  y )  2 N h2 ( y n  y )

s

 s ) 1[f (s , y (s ))   g (s , z , y (z )) dz ]ds
0

20
 f  0 g
(  1)
for all t  I where o  I .
     



o

Since h1 and h2 are continuous on I with
h1 (0)  h2 (0)  0
and
lim y n (t )  y (t ) ,
n 

these
Step2: The operator F : A (0 ,  0 )  A (0 ,  0 ) is
continuous.
For y n (t ) and y (t )  A (0 ,  0 ) ; n  0,1,2,... ,
let y n (t )  y (t ) as n  .
t

Fy n (t )  Fy (t ) 

1
(t  s ) 1[f (s , y n (s ))

( ) 0
s

  g (s , z , y n (z )) dz ]ds
0

t







s

o
t
( o  s ) 1[f (s , y n (s ))   g (s , z , y n (z )) dz ]ds
o ( ) 0
0



s

o
t

( o  s ) 1[f (s , y (s ))   g (s , z , y (z )) dz ]ds
o ( ) 0
0

t

1

( t  s ) 1[ f (s , y n (s ))  f (s , y (s ))
( ) 0
s

  g (s , z , y n (z ))  g (s , z , y (z )) dz ]ds
a



o
t

( o  s ) 1[ f (s , y n (s ))  f (s , y (s ))

o ( ) 0

s

  g (s , z , y n (z ))  g (s , z , y (z )) dz ]ds
0

t



1
( t  s ) 1[1 (s ))h1 ( y n  y )

( ) 0
s

  2 (z ))h2 ( y n  y )dz ]ds
0



o

t
(   s ) 1[1 (s ))h1 ( y n  y )
o ( ) 0 o
s

  2 (z ))h2 ( y n  y )dz ]ds
0

h1 ( y n  y )

that

and

h2 ( y n  y ) both tend to zero as n   . Hence
F : A (0 ,  0 )  A (0 ,  0 ) is continuous.

Step 3:
F maps bounded sets into
equicontinuous sets of C ([0, o ), ) . Let
t 1 ,t 2  (0, 0 ] ; t 1  t 2 , for any y (t )  A (0 ,  0 ) :

Fy n (t 2 )  Fy (t1 ) 
t 2  t1

0

s

1
(t  s ) 1[f (s , y (s ))   g (s , z , y (z )) dz ]ds

( ) 0
0

implies

t

(   ) 

1 1
( t  s ) 1
( ) 0
s

[(t 2  s ) 1  (t1  s ) 1 ][f (s , y (s ))   g (s , z , y (z )) dz ]ds
0

t2

s



1
(t 2  s ) 1 [f (s , y (s ))   g (s , z , y (z )) dz ]ds

( ) t1
0



t1  t 2 o
(o  s ) 1[f (s , y (s ))   g (s , z , y (z )) dz ]ds
0 ( ) 0
0



s

    0 1 f  0 g 


 (t 2  t 1 )
(  1)
 0


f  0 g
 2(t 2  t 1 ) 1  t 1  t 2  .

(  1)
As t 1  t 2 , the right hand side of the above
inequality tends to zero, hence F (A (0 ,  0 )) is
uniformly bounded and by Arzela-Ascoli
theorem it is relatively compact, thus it is
completely continuous. Therefore by Schauder
fixed point theorem there exists a fixed point in
A ( 0 ,  0 ) .
Example: Consider the following fractional
BVP:
y ( ) (t )

cos(t )(e s  1)
ds
1  y 2 (s )
0
y (0)  0 , y (T )  1
;t  I ,  (1,2)
here
t

t 2 sin( y (t ))  

(4)

(5)
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if  =1.5 and o  1 then the condition
(H4) will satisfy by  0  5.0632

if  =1.7 and o  2 then the
condition
(H4) will satisfy by  0  70.714.

f (t , y )  t 2 sin( y ),
cos(t )(e  1)
1  y 2 (s )
since we have
s

g (t , s , y (s )) 

t 2 sin( y 2 )  t 2 sin( y 1 )  t 2 y 2  y 1

2

and
cos(t )(e t  1) cos(t )(e t  1)

 et y 2  y1
1  y 22
1  y 12
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ثوختة
َدظىَ ظةكولينىَدا مة بريدوزا شاودةرى يا خاال جيَطيَر بو بريدوزا هةبوونىَ هاتة بكارئينان بو جوَرةكىَ دياركرى يى
 ;   (1, 2)

بروبليَميَن بهاييَن سنوورداريَن كةرتى ذ ثال

الخالصة

 نسثخخم الظ ريثة اثدر ل لقظة ثة التد خثة ل وضثو الظ ريثة الودثو ل ثظ لثس ال سثديم الةثود الحمر يثة, في هذا البحث
 ;   (1, 2)
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KOSSAY K. AL-AHMADY* and ZENA FAKHRI**
Dept. of Civil Eng., College of Engineering, University of Mosul-Iraq
Environmental Research Center, University of Mosul-Iraq
(Received: October 28, 2010; Accepted for publication: November 14, 2011)

ABSTRACT
Oxygen uptake rate is one of the important parameters in operating the activated sludge systems. In this research,
six types of wastewater were used to investigate the effect of wastewater kinds on both of oxygen uptake rate and
specific oxygen uptake rate. The wastewaters involved in the study were domestic, hospital, dairy, sugar industry,
textile and soft drinking wastewater. The procedure was carried out using four batch reactors operating on limit of
aerating times starting from 2 to 24 hours. The results of the study showed that, the type of wastewater influences
both of oxygen uptake rate and of specific oxygen uptake rate. The time of aeration has also effect on these
parameters. Increasing aeration time minimizes effect of type of wastewater. The organic removal rate of the system
positively effect on the oxygen uptake rate values. The logarithmic form of equation has proven to be efficient in
describing this effect.
KEYWORDS: oxygen uptake rate, specific oxygen uptake rate, wastewater type, batch reactor, time of aeration

Batch reactors are commonly used for
treatment of domestic and industrial wastewater
from many process industries such as the textile,
dairy and other industries, because they have
good operational flexibility, which makes them
suitable for biological nitrogen and phosphorus
removal, and they usually have a smaller
footprint than conventional treatment facilities.
In these industries, monitors are used to detect
the point at which the conversion processes are
complete. Ideally, the parameter that is chosen
will show a rapid change in its value at the point
where the process is complete.
Several methods have been proposed and
used to control the activated sludge process.
Three control methods currently in use are
constant mixed liquor suspended solids level,
constant specific substrate utilization rate, and
constant sludge age. To overcome some of the
inadequacies of these methods, the utilization of
oxygen uptake rate, or specific oxygen uptake
rate, have been proposed as possible control
parameters (Haas, C., 1979).
The oxygen uptake rate (OUR) is one of the
most important variables for estimating
biological activity in activated-sludge processes.
First, basic parameters such as influent
biochemical oxygen demand, influent toxicity,
and required oxygen supply can be estimated

INTRODUCTION

N

atural biological decay of waste or dead
plant and animal life has been a feature
of the environment since the first emergence of
life. In the early years of this century, engineers
learned to use these natural reactions to provide
inexpensive, safe, and efficient methods of
treating waste.
These developments led to widespread use of
the activated sludge process for treatment of
municipal and industrial liquid waste streams.
The biological processes, equipment and the
design parameters, which required for these
control and optimization, were well understood
as evidenced by the wealth of scientific and
engineering literature available.
Activated sludge is one of the most
commonly used biological processes for the
treatment of domestic and industrial wastes.
These treatment plants commonly experience
upset events due to inflow of toxic chemicals
resulting mainly from industrial sources. These
events may have significant impacts on the
biological treatment process, including loss of
chemical oxygen demand (COD) removal
efficiency, inhibition of nitrification, or
deflocculation and corresponding loss of
biomass (Bott et al. 2002).
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from the values of respiration rates in aerobic
reactors. Second, the OUR contains valuable
information about the dynamic characteristics of
the biological process and supplies crucial
information for calibrating mathematical models
(Suescun J., et al. 1998).
The Oxygen Uptake Rate (OUR) test was
originally developed as a plant control parameter
test. It is simple to conduct and there is a wide
range of experience using the test. Oxygen
consumption rate tests are also conducted to
determine the mixed liquor exposed to the
contaminant, and usually performed according to
Standard Methods (APHA, 2005).
Aerobic bacteria carries out wastewater
treatment in activated sludge systems. The
oxygen consumed by these microorganisms is
replaced in the system by aerators. The oxygen
respiration rate or oxygen uptake rate (OUR) is
the microorganism oxygen consumption per unit
time and is one of the few accessible parameters
to quantify the metabolism rate of the activated
sludge. The OUR is proportional to the
microorganism concentration and depends on the
quality of the incoming wastewater. Thus, this
parameter is very suitable for monitoring and
control of the activated sludge system. It is a
measure for the quality of the activated sludge
and may indicate the presence in the influent of
sudden high loads of organic material (increase
of OUR) or toxic elements (decrease of OUR),
(Chalasani, G and Sun W, 2007).
The Specific Oxygen Uptake Rate (SOUR),
also known as the oxygen consumption or
respiration rate, is defined as the milligram of
oxygen consumed per gram of volatile
suspended solids (VSS) per hour and calculating
by dividing the OUR by the MLVSS
concentration. This quick test has many
advantages; rapid measure of influent organic
load and biodegradability, indication of the
presence of toxic or inhibitory wastes, degree of
stability and condition of a sample, and
calculation of oxygen demand rates at various
points in the aeration basin.
Although of its important, there is no active
area of research focused on the behavior of
oxygen uptake rate at different types of
wastewater in the batch reactors. This paper
aims to investigate the effect of type of
wastewater on both of the oxygen uptake rate
and specific oxygen uptake rate in batch
reactors. The effect of extend the aeration time
of the reactors on these parameters was also
considered in this research.

Literature Review
With a constant mixed liquor suspended
solids concentration, oxygen uptake rates of the
aeration basin should reflect the varying
biochemical oxygen demand (BOD) in the
incoming primary effluent (Schulze, K. L., et.
al., 1969). A study by (Kalinske, A. A., (1971)
has shown that oxygen uptake rates are
independent of DO concentration in a well
mixed activated sludge system over a DO
concentration range of 0.5 to 3.5 mg/l.
(Benefield, L. D., et al, (1975) proposed three
distinct advantages to the use of oxygen uptake
rate: the effect of fluctuating solids level in the
secondary clarifier is minimized; any change in
the influent substrate concentration will be
reflected immediately in the oxygen uptake rate;
and it is possible to compensate for loading
fluctuations by varying the interval between
control periods.(Duggan, J. B., et al. 1976)
showed that for typical domestic waste treatment
plant exhibits a continual diurnal pattern in
influent hydraulic, nitrogen, and organic loading,
both dissolved oxygen (DO) concentrations and
oxygen uptake rates in the aeration basin exhibit
a direct response to this change in influent
loadings. This is to be expected as oxygen
requirements increase with the change in
influent type and increase in loadings. The
change in oxygen uptake rate, and specific
oxygen uptake rate, is caused by an increase in
activity of the aeration basin microorganisms.
The authors also concluded that there were two
components to oxygen uptake rate; exogenous
and endogenous respiration. In the exogenous
phase, microorganisms utilize influent substrate,
but the endogenous phase consists of the
degradation of internally stored substrate.
Exogenous respiration fluctuates with the
influent loading, but the endogenous reaction,
typical of the effluent end of the aeration basin,
is much slower. Effluent quality appears to have
little relationship to oxygen uptake rates. (Haas,
C., 1979) described the disadvantages cited for
oxygen uptake rate were increased amounts of
labs study; higher degree of operator attention,
and more mathematical manipulations required
over other control parameters. (Edwards, G., L.
et al., 1982) concluded that oxygen uptake rates
shown to be independent of DO concentrations
and directly related to nitrification. (Huang J. Y.
et al. 1984) studied the potential usefulness of
the oxygen uptake rate of an activated sludge to
determine the microbial viability and predict
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effluent quality for various types of substrates
and operating conditions. The results showed
that oxygen uptake rate reflects the extent of
microbial activity, and the specific oxygen
uptake rate can be related to the equilibrium
substrate concentration. (Chandra, S., et al, J.H.,
1987) investigate evaluating oxygen uptake rate
usage as an activated sludge, process control
parameter, and concluded that effluent quality as
measured by COD does not correlate well with
oxygen uptake rate for both steady state and
shock-loading conditions.
Bergeron J., et al., (2001), studied the
potential mill applications of a specific oxygen
uptake rate as a tool for monitoring the health of
the activated sludge microbial population. The
set consists of three specific oxygen uptake rate
(SOUR) determinations at different substrate
concentrations (SOURat, SOURnmax and
SOURtox where at, nmax and tox are defined as
aeration tank, near maximum, and toxic,
respectively. The results showed that the specific
oxygen uptake rate could be used as a microbial
health characterization tool. It allows an operator
to correlate microbial changes with operating
data over a medium term time scale and a
biological early warning tool. It allows a
treatment system operator to make appropriate
adjustments immediately after detecting values
that fall outside the baseline data range
(Mihaljevic K., et al. (2003). (Kumagai T., et al
2006), studied the effect of pharmaceutical
chemicals on the oxygen uptake rate in activated
sludge systems. The result showed that not all
pharmaceutical chemicals influence on the
oxygen uptake rate at the same level. Group (1)
of chemicals showed a significant OUR
inhibition immediately after the start of the
reaction. Group (2), as well as the control group
showed no OUR inhibition. The results
suggested that the degree of OUR inhibition of
activated sludge by pharmaceutical chemicals is
affected by the protein binding and the degree of
biosorption and the pharmaceutical chemicals
with a significant protein binding should be
eliminated from the wastewater by binding to
activated sludge. (Kovács R., et al 2007), studied
the relation of carbon dioxide evolution rate
CER to oxygen uptake rate (OUR) and the
possibility of using the CER instead of OUR in
activated sludge systems and concluded that,
there is no direct, simple relation between
oxygen uptake rate and the carbon dioxide
evolution rate (Govind R., et al,1997). Hagman

M. et al., (2007) studied the behavior change of
oxygen uptake rate curve under different organic
levels in activated sludge systems and showed
that, when easily biodegradable carbon source is
added, the OUR will increase and when the
carbon source is consumed, the OUR will return
to about its initial level. The maximum uptake
rate is reached when all bacteria capable of
utilizing the organics grow at maximal speed.
The highest peak represents the directly
biodegradable substances while the next
level indicates a more slowly degradable
material and so on further down to the
endogenous respiration rate.
MATERIAL AND METHODS
Before starting the experiment, activated
sludge had been obtained from the local
wastewater treatment facility. The sludge was
kept in a container and constant supply of
oxygen and substrate were maintained. One liter
of the activated sludge was transferred to the
reactors to make the activated sludge acclimate
with the new circumstances.
To determine the effect of influent quality on
the oxygen uptake rate of the batch reactors, four
laboratory scale reactors were operated on the
selected types of wastewater. The samples of
wastewaters used were collected from the main
collection pit of the facility with the volume of
(20) liters twice per week. To expand the range
of comparison of the research, further
information for other types of industrial
wastewater were also collected, and combined to
our data (Akrawi, S. M., 1985; Ibrahem, M.G,
1978; Ellia, H.N, 2005). Table (1) shows the
major characteristics of domestic and industrial
wastewaters involved in this study.
The reactors used were hopper bottom, glass
cylinders having a diameter of 13 cm and depth
of 26 cm supported on steel stands. Each reactor
consisted of 2.0 L working volume. The
aeration was maintained by means of air pump,
40 l/min., capacity, and supplied to the reactors
through porous stones fitted at the tapered
bottom of the cylinders. Fig (1) shows a
schematic diagram of the reactor used in this
study. All reactors were operated at a specific
hydraulic retention time of 24 hours and initial
food to microorganism ratio (F/M) of about 0.3.
This ratio has been controlled during the study
by calculating the initial seed of microorganism
in the reactor. Temperature of the reactors was
adjusted to be within the recommended value of
20 + 2 oC by means of changeable heater with
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thermostat. During each 24-hour test period,
influent and effluent parameters, as well as
oxygen uptake rates, were measured six times; at
zero time of reaction, 2, 4, 6, 12 and 24 hours.
Effluent parameters were determined by use of
grab samples from the supernatant layer after
settling.
Influent and effluent parameters were COD,
BOD5, TSS, pH, in addition to the mixed liquor
suspended solids (MLSS) for the reactors. The

dissolved oxygen concentrations in the reactors
were periodically measured using a properly
calibrated dissolved meter type (EXTECH;
model 407510) and maintained within the
recommended operating values and was not
lower than 1.0 mg/l (Metcalf and Eddy, 2003)
Measurement of all parameters was made in
accordance of "Standard Methods (APHA et al.,
2005).

Table (1): Type and Characteristics of wastewater involved in the study
Type of
wastewater

Ranges

Source

COD
(mg/L)

BOD5
(mg/L)

TS
(mg/L)

TSS
(mg/L)

NO3
(mg/L)

PO4
(mg/L)

pH

1

Domestic
wastewater

280 620

190 –
430

730 –
1500

169 –
200

0.36 –
1.64

3.5 –
15.0

6.4 –
7.53

--

2

Hospital
wastewater

320 1250

210 –
460

890 –
1800

310 –
680

0.3 –
0.83

4.7 –
12.0

7.3 –
8.2

--

3

Textile
industry
wastewater

680 1970

290 –
850

2210 –
5600

820 2950

15.7 –
22.4

7.9 –
17.7

6.5 –
9.5

Ellia, H.N,
2005

4

Soft Drinking
Wastewater

535 2400

325 –
1980

6300 –
1380

790 –
1400

0.2 –
4.6

1.9 –
8.4

6.5 –
11.4

--

5

Dairy industry
wastewater

670 1280

310 –
500

1334 –
1100

370 –
980

6.0 –
13.0

1.3 –
5.7

8.2 –
11.6

Akrawi, S. M.,
1985

6

Sugar
industry
wastewater

580 740

390 –
430

5160 –
6240

1950 –
2200

0.33 –
1.24

5.2 –
7.5

8.8 –
10.1

Ibrahem, M.G,
1978

Air

Fig. (1): Schematic and photo of the completely mixed batch reactor used in the study

The oxygen uptake rate (OUR) test is a
measure of the rate of oxygen utilization and
hence metabolic activity. A sample of bio
solids was taken from each reactor and
placed in BOD bottle, which was mixed on a
magnetic stirrer.

A dissolved oxygen probe was inserted
into the top of the BOD bottle, and then the
dissolved oxygen concentration is recorded
every 60 seconds for a period of 30 minutes.
Plots of dissolved oxygen concentration
versus time were made from the data
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oxygen uptake rate. This is because the oxygen
uptake rate reflects the activity of the biological
sludge (Huang J. Y. et al. 1984). At different
types of wastewater, the activity of sludge and
accordingly the substrate removal rate is varied.
The reaction taking place in biological aerobic
oxidation process for different types of
wastewater are complex in nature, this is due to
the microbic population is heterogeneous and the
substrate is made up of large number of
components. The various reactions proceed with
different kinetics and are influenced in different
way by the operating conditions. Low
concentrations of carbonaceous substrate favor
the appearance of nitrification reaction, while
low oxygen concentrations lead to the
development of anaerobic bacteria and slow
down the oxidation (Haas, C. N., 1979).
Percentage ratios of wastewater composition
usually influence on the oxygen uptake rate in
batch reactors (Sherrard, J. H., 1980). The
organic substrate is formed mainly of
carbohydrates, fats, and proteins. The percentage
of which varies in raw wastewater depending on
its type. To a first approximation, the domestic
wastewater can be considered to be composed of
(by weight) 31% carbohydrates, 25% fats, and
34% proteins.
The first two classes of
components may be assimilated to glucose and
trioleate respectively, while the third one
requires more complex reaction to complete
(Haas, C. N., 1979). Each of these classes
requires a specific amount of oxygen to convert
the final products. Any change in these
percentage leads to alter the value of the oxygen
uptake rate of the system (Hagman, M. et al.,
2006). As well known, different wastewater
types have unlike percentage ratios. Similar
results also recorded by other researchers
(Edwards, et al., 1982 and Hagman et al., 2007).
In figure (5) to (10), the behavior of the
oxygen uptake rate versus the aerating time were
represented. In figures (11) to (16) the effect of
these times on the specific oxygen uptake rate
were revealed. As noted in the figures, both of
oxygen uptake rate and specific oxygen uptake
rate had been affected by the change of aerating
time. At the begging of reaction, microorganism
generally tends to consume the easer wastewater
components and at a rate faster than that
typically for the more complex ones. Faster
substrate consuming means higher oxygen up
take rate. That explains why much more removal
efficiency and oxygen uptake rate is taking place

Dissoved Oxygen, (mg/L)

obtained and the line of best fit was found
for each. Figure (2) describes a typical
profile for our DO experiment. The slope of
the linear portion of the DO profile with
time is the OUR and has the units mg O2/ Ls. If the OUR is divided by the VSS the
value known as the SOUR (Specific Oxygen
Uptake Rate). The SOUR would normalize
the response to the mass of organisms and
allows comparison of oxygen response for
different mixed liquors for each gram of
organisms.
8
7
6
5
4
3
2
1
0

y = -0.2965x + 7.5917
0

5

10

15

20

25

30

Time, (min)
Fig. (2): Typical degradation of dissolved oxygen
concentration with time

RESULTS AND DISCUSSION
The oxygen uptake rates and the specific
oxygen uptake rates were represented
graphically in figures (3) and (4) for different
types of wastewater. In these figures, a starting
index from one to six symbolized each type of
wastewater. Accordingly, domestic wastewater
was represented by number 1, whereas numbers
2, 3, 4, 5, and 6 symbolized the hospital, dairy,
sugar, textile, and soft drink wastewater
respectively. As shown in the figures, the type of
wastewater influences the oxygen uptake rate.
This effect seems to be more sensitive when the
reactors work at short aerating time comparing
to that when they work at longer one, see figure
(3). At longer detention time (24 hours), the
effect of type of wastewater on the oxygen
uptake rate was minimized. Figure (4) displayed
similar results. However, figures (3) and (4)
proved that the type of wastewater influences
both of oxygen uptake rate and of specific
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at the first aeration hour than in the end ones.
(Hagman et al., 2007, and Metcalf and Eddy,
2003)
Comparing the values of the specific oxygen
uptake rate after six hours of aerating with the
original values for the different types of
wastewater showed that these values were
decreased to about 47.6%, 44.1%, 24.84%,
32.47%, 57.9%, and 40.82% of their original
corresponding values for the domestic, hospital,
dairy, sugar, textile and soft drink wastewater
respectively. As the specific oxygen uptake rate
reflects the biodegradability of wastewater
(Huang J. Y. et al. 1984), the involved
wastewaters can be classified according to its
simplicity to biological treatment as dairy, sugar,
soft drink, hospital, domestic and the textile
wastewater. However, this result is reasonable,
as the dairy wastewater is the waste that usually
used to start the biological reaction (Metcalf and
Eddy, 2003). Each of the sugar and soft drink
wastewaters contains high percentage of
carbohydrate, which being considered easy for
biological consuming (Metcalf and Eddy, 2003).
Both of the hospital and domestic wastewaters
have similar characteristics since the hospital
wastewater consists mainly from domestic
wastewater. The textile wastewater usually has a
considerable amount of dyes, which usually
shows a resistance to treat biologically.
In figures, (17) to (22) the values of the
oxygen uptake rate were drawn against the
organic removal rate in mg COD removed per
hour. As shown in the figures, there was positive
correlation between these two factors. Increasing
the organic removal rate increase the value of
oxygen uptake rate. However, this result is
expectable as the oxygen is the basic require in
consuming the organic by the aerobic biological
process (Giona, A. R., et al 1979). The
logarithmic form equation had proven to be
efficient in representing this effect. The
coefficients of determination (R2) were relatively
high and ranging between (0.84 and 0.964) for
all types of the wastewater.
For better understanding, the relation
between the oxygen uptake rate, specific oxygen
uptake rate and the variables affecting the
uptakes, a correlation matrix was constructed
using (3) variables (Table 2 and 3). As it can be
seen from the correlation matrix, there was a
significant correlation between the specific
oxygen uptake rate, oxygen uptake rate and the

independent variables. The most important
variable affecting specific oxygen uptake rate
and oxygen uptake rate was the aerating time
which had a significant negative correlation (r =
- 0.657, p < 0.01 and r = -0.842, p < 0.01) for
both of them respectively. In other words,
increasing the aerating time decrease the value
of the specific oxygen uptake rate and the
oxygen uptake rate. While it is believed that the
amount specific oxygen uptake rate and the
oxygen uptake rate remains fairly constant, it
actually varies greatly depending on aerating
time. Another variable which showed a
statistically significant correlation with specific
oxygen consumption rate was the type of
wastewater. Table (2) shows that there is a
significant relationship between specific oxygen
uptake rate and the type of wastewater (r =
0.509, p < 0.01). Table (3) also reveals that the
COD removal rate had positive correlation with
the oxygen uptake rate (r = -0.649, p < 0.01).
Type of wastewater had also significant
correlation with the COD removal rate (r =
0.446, p < 0.05).
CONCLUSIONS
1. Type of wastewater influences both of oxygen
uptake rate and specific oxygen uptake rate
values.
2. Time of aeration had a negative effect on the
oxygen uptake rate and specific oxygen uptake
rate values. At longer detention time (24 hours),
the effect of type of wastewater on the oxygen
uptake rate was minimized.
3. Depending on the specific oxygen uptake rate
values, the wastewaters can be classified
according to its simplicity to biological
treatment as dairy wastewater, sugar wastewater,
soft drink wastewater, hospital wastewater,
domestic wastewater and the textile wastewater.
4. Organic removal rate has a positive effect on
both of the oxygen uptake rate and specific
oxygen uptake rate values. The logarithmic form
equation had proven to be efficient in
representing this effect.
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Fig. (3): Change of oxygen uptake rate (OUR) with type of wastewater for different times of aeration
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Fig. (4): Change of specific oxygen uptake rate (SOUR) with type of wastewater for different times of aeration
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aeration for hospital wastewater
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Table (2): Correlation matrix between the specific oxygen uptake rate and the independent variables

Specific oxygen uptake rate, (1/d)

SOUR

Type of
wastewater

Time of
aeration

COD removal
rate

1

-.509-**

-.657-**

.169

**

Type of wastewater

-.509-

1

.000

.446*

Time of aeration (hr)

-.657-**

.000

1

-.450-*

.169

.446*

-.450-*

1

COD removal rate, (mg CODr/hr)

**. Correlation is significant at the 0.01 level (2-tailed).
*. Correlation is significant at the 0.05 level (2-tailed).
Table (3): Correlation matrix between the oxygen uptake rate and the independent variables

Oxygen uptake rate, (OUR), (mg O2/hr)

OUR

Type of
wastewater

Time of
aeration

COD removal
rate

1

-.016-

-.842-**

.649**

Type of wastewater

-.016-

1

.000

.446*

Time of aeration (hr)

-.842-**

.000

1

-.450-*

.649**

.446*

-.450-*

1

COD removal rate, (mg CODr/hr)
**. Correlation is significant at the 0.01 level (2-tailed).
*. Correlation is significant at the 0.05 level (2-tailed).
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تأثير نوع الفضالت على سرعة استهالك األوكسجين في مفاعالت المعالجة البيولوجية ذات التشغيل الجرعي
الخالصة

 تم في هذا.يعد معامل سرعة استهالك األوكسجين احد المؤشرات المهمة في تشغيل وحدات الحماة المنشطة

، مطروحات المستشفيات،البحث اختبار تأثير استخدام ستة أنواع مختلفة من مياه المطروحات هي المطروحات المدنية

 مطروحات صناعة النسيج ومطروحات صناعة المشروبات الغازية، مطروحات صناعة السكر،مطروحات صناعة األلبان
على كل من قيم معامل سرعة استهالك األوكسجين ومعامل سرعة استهالك األوكسجين النوعي في مفاعالت الحماة

 تم االختبار من خالل استخدام مجموعة من المفاعالت البيولوجية التي تعمل بنظام الجريان الجرعي تم.المنشطة
 أثبتت نتائج البحث أن نوعية.تشغيلها بشكل متوازي ضمن نفس الظروف وباستخدام األنواع المختلفة من المطروحات
.مياه المطروحات تؤثر بشكل واضح على كل من قيم معامل استهالك األوكسجين ومعامل استهالك األوكسجين النوعي

كذلك أظهرت النتائج أن زيادة وقت التهوية له تأثير عكسي على قيم هذين المعاملين حيث تقل القيم مع زيادة وقت

 كذلك هناك ترابط طردي ما بين سرعة استهالك المواد العضوية في المنظومة وقيم معامالت سرعة استهالك.التهوية
 حيث من الممكن تمثيل هذا الترابط بشكل جيد من خالل استخدام النموذج الرياضي،األوكسجين العام والنوعي

.اللوغارتمي
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ABSTRACT
Polyethylene products are major components of waste materials in Iraq today . More than 5000 ton per year of
Polyethylene (500 cm³ bottle capacity) becomes waste material in Duhok city only.
This paper investigates the effect of using waste Polyethylene on mechanical properties of concrete.
Eighteen beams of (150*150*750mm), 33 cubes (150*150*150 mm) and 33 cylinders (150*300 mm)
in dimensions were casted with waste polyethylene (fibers and chips) which were added as a
percentage (0,0.4,0.8,1.2,1.6 & 2) to total volume of concrete.
After testing , the results indicates that there is a loss in workability and a reduction in strength reached
26.7% , 42.8% and 26.7% for compressive strength , splitting tensile strength and flexure strength respectively.
KEY WORDS : Polyethylene ; Waste material ; Compressive strength ; Concrete

INTRODUCTION

R

ecycling and use of solid wastes is
increasing worldwide especially in
constructions. A well known success story is the
use of fly ash as a byproduct of coal
combustions as a replacement of Portland
cement . Shredded car tires , glass , crushed
waste concrete , and waste granite were used as
aggregates in concrete production . Another
waste materials like carpets and textile trimming
waste were used as fibers with the concrete .
Likewise the study of production of concrete
including waste polyethylene come to mind.
Vilkner et al, [1] studied the evaluation of
using post consumer glass as aggregate in
concrete. This study was expanded
to
investigate the suitability of large quantities
(up to 20% by weight) of recycled carpet fibers
in concrete products. The compressive strength,
workability and thermal conductivity of concrete
are tested . The results indicated that the addition
of carpet fibers caused an increase in the fracture
toughness and a decrease in compressive
strength of concrete . Results also indicated that
a modest improvement were observed in thermal
resistance.
Garrick,[2 ] in his thesis studied
the effect of using waste tires on properties of
concrete. Waste tires were used in the form of
chips and fibers and the fibers were divided
into batches with different lengths. Results
indicated that ; first, there was a noticeable
decline in compressive strength of concrete and

second , waste tire fibers were more suitable as
additives than waste tire chips since they
produced the highest toughness. An analytical
model to determine the effect of fiber length on
ultimate strength of the composite was
performed.
Reis,[3] investigated the effect of textile
waste on the mechanical properties of polymer
concrete. Series of polymers concrete mixes
were studied with different resin/sand weight
ratios. In each series, recycled textile chopped
fibers at 1 and 2% of total weight was added.
The results showed that there was a decrease in
properties of concrete as a function of textile
fibers content and concrete with higher textile
fibers content lead to a smoother failure, unlike
failure behavior of unreinforced polymer
concrete.
Turgut , and Yahlizade , [4 ] presented a
parametric experimental study for producing
paving blocks using fine and coarse waste glass.
Physical and mechanical properties of paving
blocks having various levels of fine glass(FG)
and coarse glass(CG) replacements with fine
aggregate (FA) were investigated. The tests
results show that the replacement of FG by FA
at level of 20% by weight has a significant effect
on the compressive strength, flexural strength,
splitting tensile strength and abrasion resistance
of the paving block as compared with the control
sample and has a potential to be used in
production of paving blocks.
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Jaw et al, [5]studied the use of crushed waste
concrete with compressive strength ranged from
21 to 35 MPa, as recycled aggregate to produce
high flowing. Proper amount of fly
ash(25%,30%) and superplasticizer is added.
The water cement ratio was 0.5,0.55 and 0.6.
The
engineering
properties
including
compressive strength, splitting tensile strength
and bond strength were tested. Meanwhile, the
result were compared with those from specimens
made of natural aggregate with same mix
proportions. The results showed that: first, the
compressive strength of recycled aggregate with
25% fly ash is higher than that of concrete with
natural aggregate(CNA) and this phenomena is
more obvious when w/c is lower, second, the
splitting tensile strength increases with the
increase of compressive strength and third, the
variation of bond strength of concrete recycled
aggregate(CRA) is larger than (CNA) as well
as the bond strength of (CRA) is slightly less
than that (CNA).
Elena and Marilena , [6] studied the concrete
production through the employment of the
recycled aggregate(RA) coarse fraction. The
results showed that concrete mix realized with
heavy RA coarse fraction(characterized by a cut
specific gravity of 2.35) and with w/c ratios 0.5
and 0.6, the CRA compressive strength is greater
than CNA, also the results showed that the
compressive strength of CRA decreases with
increasing the Los Angeles index of the
aggregate used.
Ilham , [7 ] presented an experimental study
on the potential use of different granites obtained
from Kirsehir-Kaman region in Turkey as
concrete aggregates prepared in accordance with
the standards. Concrete specimens were studied
in four different groups namely 1,2,3 and 4
according to the granite type used in concrete as
aggregate. The specimens were tested to
determine their compressive strength, splitting
tensile strength and elasticity module values.
The evaluation of experimental results showed
that maximum value of the splitting tensile
strength was obtained from group 4(4.64 MPa).
The maximum compressive strength and the
maximum static module of elasticity values were
determined in group 2 (36.06 MPa and 31.63
GPa respectively). Also, the study results
revealed that the specimens with maximum
compressive strength, splitting tensile strength
and elasticity module had relatively higher
density, but lower water absorption rates. In
conclusion, the study results indicate that the
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mechanical properties of concrete specimens
produced using the waste granite were found to
comply with the Turkish and European concrete
production standards.
Shehta etal ,[8] studied the possibility of
using granulated plastic ,glass, and fiber glass
waste materials to partially substitute for the fine
aggregate (sand) in concrete composites. Four
volume fractions of each of the waste aggregates
were used (5,10,15, and 20%) . Three ASTM
standard mechanical tests were conducted on the
specimens under study : compressive , flexural ,
and splitting tensile tests .The main findings of
this investigation revealed that the three waste
materials could be used successfully as partial
volume substitutes for sand in concrete
composites .
Want Jo etal, [9] studied the mechanical
properties and behavior of polymer concrete
using resin based on recycled polyethylene
terephthalate (PET). The results showed that i)an excellent mechanical properties were
obtained from polymer concrete using resin
based on recycled PET, ii)- the strengths
decrease with the increase of styrene monomer
content and the excessive use of styrene
monomer and separation of aggregate and resin
occurs leading to a decrease in the strength of
polymer concrete ,and iii)- resin using a
maximum amount of recycled PET is desirable
assuming that it doesnot adversely affect the
resins properties . Resins based on recycled PET
can help decrease the cost of polymer concrete
products and reduce environmental pollution.
The purpose of this study is to examine
possibility of using polyethylene product waste
(500 cm³ bottle capacity) as a waste material in
production concrete and then to show the effects
of using this waste material on mechanical
properties of concrete especially on compressive
strength, splitting tensile strength and flexural
strength of concrete.
EXPERIMENTAL PROGRAMME
A total of 18 beams specimens (750 *150 *
150mm), 33 cylindrical specimens (150*300
mm) and 33 cubical specimens (150*150*150
mm) in dimensions were caste and tested after
28 days of water curing, as shown in Table (1).
Testing Materials
Ordinary Portland cement (Turkish) was used
in the preparation of concrete mixtures. River
aggregates were used , sand of fineness modulus
2.5 and rounded gravel of maximum size 19mm
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with fineness modulus 6.7 were used. Concrete
mix proportion 1:2:4 by weight with water
cement ratio of 0.6 kept constant for all
specimens. Polyethylene (500 cm³ capacity
bottle) as waste material were used in the form
of fiber and chip in the concrete. Fiber of
dimension 30*4*0.2mm and chip of one size
(19mm square) were used, see Fig.(1).
Testing Procedure
Two groups of mixes were prepared
according to the shape of Polyethylene (fiber or

chip). This waste material was added to mix by
different percentages which were 0,0.4,0.8,1.
2,1.6 and 2.0% to total volume of concrete as a
replacement of aggregate.
Method of Testing
a)-Workability test:- Slump test was used.
b)-Compression test:-Cubes (150 * 150 * 150
mm) were used.Fig.(2) shows the
hydraulic
compression machine which was used in this
test.

Table (1): Specimens Details
% of
Polyethylene

Types and Number of Test Specimens
Compression Test
Polyethylene Shape
Fiber

0

Chip

3 cubes 150*150*150mm

Splitting Tensile Test
Polyethylene Shape
Fiber

Chip

3 cylinders 150*300mm

Flexural Test
Polyethylene Shape
Fiber

Chip

3 beams 150*150*750mm

0.4

3 cubes
150*150*150mm

3 cubes
150*150*150mm

3 cylinders
150*300mm

3 cylinders
150*300mm

3 beams
150*150*750mm

------------------

0.8

3 cubes
150*150*150mm

3 cubes
150*150*150mm

3 cylinders
150*300mm

3 cylinders
150*300mm

3 beams
150*150*750mm

------------------

1.2

3 cubes
150*150*150mm

3 cubes
150*150*150mm

3 cylinders
150*300mm

3 cylinders
150*300mm

3 beams
150*150*750mm

------------------

1.6

3 cubes
150*150*150mm

3 cubes
150*150*150mm

3 cylinders
150*300mm

3 cylinder
150*300mm

3 beams
150*150*750mm

------------------

2

3 cubes
150*150*150mm

3 cubes
150*150*150mm

3 cylinders
150*300mm

3 cylinders
150*300mm

3 beams
150*150*750mm

------------------

Fig. (1): Polyethylene Fibers & Chips
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Fig.(2): Compression machine

c)- Splitting tensile test:- Cylinders of 150*300
mm were used to find the indirect tensile
strength, see Fig.(3)

d)-Flexural test:- Beams 150*150*750 mm in
dimensions were used to find the flexural
strength of concrete. One point load method at
the center of the beam was used, see Fig. (4).

Fig.(3): Splitting Tensile Test
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Fig.(4): Flexural Strength Test.

RESULTS & DISCUSSION
a)- Fresh concrete:Table (2) show the results of slump for
concrete mixes with different percentage of
waste polyethylene fibers (0,0.4,0.8,1.2 and 2%)
to volume of concrete. This table show that
there is a loss in workability (slump value) for

mixes with waste polyethylene . The reduction
in slump value varied between 16% to 100%
when compared with slump value for control
mix (0% of polyethylene).

Table (2) Slump values

% of Polyethylene

Slump(mm)

% loss

0

125

0

0.4

105

16

0.8

80

36

1.2

20

84

1.6

0

100

2

0

100
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percentage of polyethylene chips increased from
0.4% to 2%.
b-2)- Splitting Tensile Strength:Table (4) and fig.(6) show the results of using
waste polyethylene ( fibers & chips ) on
on splitting tensile strength of concrete. It can
be observed that there is a reduction in tensile
strength more than compressive strength as a
percentage. This reduction is varied between
10.8 % to 42 % for mixes with polyethylene
fibers when the percentage of polyethylene
fibers increased from 0.4% to 2% .

b)- Hardened Concrete:Generally the addition of waste polyethylene
products reduces the strength of concrete as
follow:b-1)- Compressive Strength:Table (3) and Fig.(5) show the results of
using waste polyethylene (fibers & chips) on
compressive strength of concrete. It can be
observed that there is a reduction in strength ,
this reduction is varied from 1.9% to 14.5%
when the percentage of polyethylene fibers
increased from 0.4% to 2% respectively.
For polyethylene chips mixes, the reduction
in strength varied from 3% to 26.7% when the

Table (3) Compressive Strength Results(MPa)
a- Polyethylene Fibers
Sample 3

Avg.

% Redn

26.6

26.9

27

0

26.7

26.4

26.4

26.5

1.9

0.8

25.3

25.1

25

25.1

7

1.2

24.6

24.8

24.4

24.5

9.3

1.6

23.8

23.6

23.6

23.7

12.2

2

23.1

24

22.2

23.1

14.5

% of Polye- thylene

Sample 1

0

27.5

0.4

Sample 2

b- Polyethylene Chips
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% of Polyet-hylene

Sample 1

Sample 2

Sample 3

Avg.

% Redn

0

27.5

26.6

26.9

27

0

0.4

26.6

26.2

25.8

26.2

3

0.8

24.9

23.4

24.8

24.4

9.6

1.2

23.3

22.2

21.8

22.4

18.5

1.6

22.2

17.8*

21.3

21.7

19.6

2

20

19.1

20.4

19.8

26.7
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Compressive Strength (MPa)

30
28

Fiber

26

Chip

24
22
20
18
0

0.4

0.8

1.2

1.6

2

% of Polyethylene

Splitting Tensile Strength(MPa)

Fig.(5): Compressive Strength versus waste Polyethylene content relationship

4
Fiber

3.5

Chip

3
2.5
2
1.5
0

0.4

0.8

1.2

1.6

2

% of Polyethylene
Fig.(6): Splitting Tensile Strength versus waste Polyethylene content relationship.

For polyethylene chips mixes, the reduction
in strength varied from 20.2 % to 42.8% when
the percentage of
polyethylene
chips
increased from 0.4% to 2%.
b-3)- Flexural Strength:Table (5) and Fig.(7) show the results of
using waste polyethylene (fibers) on flexural

strength of concrete. It can be observed that
there is a reduction in strength . This reduction is
varied between 5.4% to 21.4% for mixes with
polyethylene fibers when the percentage of
polyethylene fibers increased from 0.4% to 2% .
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Table (4): Splitting Tensile Strength Results(MPa) a- Polyethylene Fibers
% of Polye-thylene

Sample 1

Sample 2

Sample 3

Avg.

% Redn

0

3.53

3.66

3.66

3.62

0

0.4

3.33

3.21

3.15

3.23

10.8

0.8

3.08

3.08

2.95

3.04

16

1.2

2.44

2.57

2.63

2.64

27

1.6

2.25

2.18

2.37

2.27

37.3

2

2.05

2.12

2.12

2.1

42

b- Polyethylene Chips
% of Polye-thylene

Sample 1

Sample 2

Sample 3

Avg.

% Redn

0

3.53

3.66

3.66

3.62

0

0.4

2.83

2.89

2.95

2.89

20.2

0.8

2.63

2.63

2.44

2.57

29

1.2

2.31

2.37

2.18

2.29

36.7

1.6

2.18

2.24

2.05

2.16

40.3

2

2.05

2.05

2.12

2.07

42.8

Table (4): Splitting Tensile Strength Results(MPa) a- Polyethylene Fibers

00

% of Polye-thylene

Sample 1

Sample 2

Sample 3

Avg.

% Redn

0

3.53

3.66

3.66

3.62

0

0.4

3.33

3.21

3.15

3.23

10.8

0.8

3.08

3.08

2.95

3.04

16

1.2

2.44

2.57

2.63

2.64

27

1.6

2.25

2.18

2.37

2.27

37.3

2

2.05

2.12

2.12

2.1

42
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b- Polyethylene Chips
% of Polye-thylene

Sample 1

Sample 2

Sample 3

Avg.

% Redn

0

3.53

3.66

3.66

3.62

0

0.4

2.83

2.89

2.95

2.89

20.2

0.8

2.63

2.63

2.44

2.57

29

1.2

2.31

2.37

2.18

2.29

36.7

1.6

2.18

2.24

2.05

2.16

40.3

2

2.05

2.05

2.12

2.07

42.8

CONCLUSIONS
1- Using of waste polyethylene will reduce the
strength of concrete.
2-Waste polyethylene fibers concrete has a
higher than waste polyethylene chips concrete.
3-As waste polyethylene fibers content increased
from nil to 2% of concrete volume,
the
reduction in compressive strength increased and
reached 14.5% as compared to non polyethylene
concrete.
4- As waste polyethylene chips content
increased from nil to 2% of concrete volume,
the reduction in compressive strength increased
and reached 26.7% as compared to non
polyethylene concrete.
5- As waste polyethylene fibers content
increased from nil to 2% of concrete volume,
the reduction in splitting tensile Strength
increased and reached 42% as compared to
non polyethylene concrete.

6- As waste polyethylene chips content
increased from nil to 2% of concrete volume, the
reduction in splitting tensile strength increased
and reached 42.8% as compared to non
polyethylene concrete.
7- As waste polyethylene fibers content
increased from nil to 2% of concrete volume,
the reduction in flexural strength increased and
reached 21.4% as compared to non polyethylene
concrete.
8- The loss of slump of waste polyethylene
fibers concrete is high enough to change the
degree of workability from loose to stiff state.
9- Waste polyethylene should be used in the
form of fibers instead of chips in concrete
production.
10- Possibility of using waste polyethylene in
production of normal concrete and to reduce
cost of concrete and to find a way for the
disposal of this material.
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Table (5) Flexural Strength Results(MPa) Polyethylene Fibers
% of Polyet-hylene

Sample 1

Sample 2

Sample 3

Avg.

% Redn

0

5.6

5.87

5.61

5.69

0

0.4

5.39

5.37

4.8*

5.38

5.4

0.8

5.07

5.12

5.01

5.07

10.9

1.2

4.85

4.8

4.88

4.84

14.9

1.6

4.67

4.53

4.56

4.59

19.3

2

4.45

4.45

4.51

4.47

21.4

Flexure Strength (MPa)

5.8
5.6
Fiber

5.4
5.2
5
4.8
4.6
4.4
4.2
4
0

0.4

0.8

1.2

1.6

2

% of Polyethylene
Fig.(7): Flexural Strength

versus waste Polyethylene Fibers content relationship
concrete.

.
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كارتيَكرنا دووبارةكرنا بكارئينانا بةرماكيَت ثوىل ئةسيلني لسةر (اخلواص امليكانيكية) يَت كونكريتى
ثوختة
بةرماكىَ ( ثوىل ئةسيلني ) ذ بةرماكيَت سةرةكينة ل عرياقىَ نوكة ثرتى ذ  0555تةنا ساالنة ذ بةرماكيَت ظى
كةرستةى ذ بتليَت ئاظىَ يَت بضيك قةبارىَ 005سم 3ل باذيَرىَ دهوكىَ بتنىَ يَت هةين .
ئةف ظةكولينة بةحسىَ كارتيَكرنا ب كارئينانا لسةر (خواص ميكانيكية) يت كونكريتى ئو زانينا كارتيَكرنا وىَ

لسةر بةرطريا ثةستانىَ و طريَدان و (االنحناء) يت كونكريتى دكةت .

كونكريتكرنا  81ثرا (بأبعاد)  005*805*805ملم و  ( 03اسطوانة ) بأبعاد 355*805ملم  ( 33 ،مكعب ) بأبعاد

 805*805*805ملم دطةل بكارئينانا ظى كةرستةى وةك ( ألياف ) و ثارضة بريَذا  ، 5.80 ، 5.80 ، 5.1 ، 5.0و

%0

هلةمى قةبارىَ كونكريتى .
ئةجنام دياربوون بكارئينانا بةرماكيَت ظى كةرستةى دبيتة ئةطةرىَ كيَمبونا كارئينانا كونكريتى سةرةراى كيَمبونا
بةرطريىَ ب ريَذا  ، %08.0 ، %00.1 ، %00.0ذ هةمى بةرطريىَ و ثةستانى و طريَدان و ( انحناء ) لديف ئيَك .

تأثير استخدام مخلفات منتجات البولي اثيلين على الخواص الميكانيكية للخرسانة

الخالصة

مخلفات منتجات البولي اثيلين تعتبر من الفضالت الرئيسية في العراق حاليا  .أكثر من

0555

مخلفات هذه المادة بالنسبة لقناني الماء الصغيرة الحجم  052سم ۳في مدينة دهوك لوحدها.

طن سنويا هي

البحث بتناول تأثير استخدامها على الخواص الميكانيكية للخرسانة من خالل معرفة تأثيرها على مقاومة

االنضغاط والشد واالنحناء للخرسانة.

تم صب  81جسرا بأبعاد  005*805*805ملم و  33اسطوانة بابعاد  355 *805ملم و  33مكعبا بأبعاد

*805

ملم مع استخدام هذه المادة على شكل ألياف وقطع وبنسب

الكلي للخرسانة .

,5٫1 ، 5٫٤

 5٫80 , 5٫80و

%0

805 * 805

إلى الحجم

النتائج أظهرت أن استخدام مخلفات هذه المادة يؤدي إلى تقليل في قابلية التشغيل للخرسانة باإلضافة إلى تقليل

المقاومة بمقدار

03

00٫0

 % 00٫1 ، ’ %و  % 08٫٤لكل من مقاومة االنضغاط والشد واالنحناء على التوالي .
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ABSTRACT
In this paper we study the global existence and uniqueness solution of fractional second order nonlinear integro–
differential equations with boundary conditions by using the Picard approximation method which is given by
[Sturble] and also we extend some results gained by [Butris].

1. INTRODUCTION
Many authors discussed solving of differential and integral equation of fractional order. Here we
will refer to some of the works done in this area[2].
In this paper, we set some definitions and lemma to be used in the proof of the main theorems.
Definition 1: [3]
Let
f
be
a
function
which
is
defined
almost
everywhere
on
[a, b]. For   0 , we define:
b

I



f 

a

b
 1
f s ds
 b  s 
  a
1

provided that integral (Lebesgue) exists.
Definition 2: [3]
If   0 , then Gamma’s function is denote by   and defined by the form:
  s  1
    e s
ds
0

Lemma 1: [1]
If

 f n n 1 is a sequence of functions defined on the set E  R such that




n1

n1

f n  M n , where M n is a

positive number, then  f n is uniformly convergent on E if  M n is convergent.
Lemma 2: [3]
Let

 m n1x n 1
E m, x   
m1 n 

where m ЄR, then:
i. the series converges for x  o and   0
ii. the series converges everywhere when  1
iii. if   1 , then E1m, x   exp mx 
See [1] and [4] for definitions and lemmas.
Consider the following fractional second order nonlinear integro–differential equations, which has
the form:
2   f t , xt , x t , t wt , s  g s, xs , x s ds 
x
, 0   1
…(1)


with boundary conditions:
xa   A , xb   B
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…(2)
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where the function f t , x, x, y  is continuous in t , x, x, y and defined on the domain:

t , x, x, y   R  G  G1  G2   ,  G  G1  G2

…(3)

Where G , G1 and G2 are closed and bounded domain subsets of the Euclidian Space R where
A, B are positive constant.
Suppose that the function f t , x, x, y  is satisfying the following inequities:

f t , x, x, y  M ,

…(4)

f t , x1, x1, y1   f t , x2 , x2 , y2  K1 x1  x2  K2 x1  x2  K3 y1  y2

g t , x1 , x1   g t , x2 , x 2  L1 x1  x2  L2 x1  x 2

…(6)

for all t  R1  and x, x1 , x2  GR , x, x1, x2  G1 and y, y1 , y2  G2

 

t
where M , K1, K 2 , K3 , L1, L2 are positive constants and y t , x0   wt , s  g s, xs , x s ds where

the function wt , s  is defined and continuous on the domain -   0  a s t bT   provided that

wt , s   e  t s  where

 , s are a positive constants.

We define the non–empty sets as follows:
 1

  a  M
; G’s are set and the other factors are numbers.
  1
  a  M
G1a f  G1 
…(7)
  1
 1
  a  1 M 
    a 
G2 a f  G2   L1
 L2

 
  1
  1


Ga f  G 

where

.  max .

.

Furthermore, we suppose that the greatest eigen–value of the following matrix:
 1
 1 
 1


   a 
q
   1 1
Ho  
 1
   a 
   1 q1


  a t    a 
 
  1

  a  q
  1 2

q2 







is less than unity i.e.

hmax H o   1

where




q1  K1  K 3 L1 and q2  K 2  K 3 L2



…(8)

2. Existence Solution:
The study of the existence solution of the problem (1) and (2) will be introduced by the following:
Theorem 1: (Global Existence Theorem):
 and satisfy the
Let the function f t , x, x , y  be defined in the domain (3), continuous in t , x, x
inequalities (4), (5) and (6), then the sequence of functions:
A  t  a xm a t 1  1 t (wt , s ( f s, ms , x s , y s t  s  1 ds …(9)
xm1t , xo  

m
m
 
  a
with
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xo  A 

t  a B  A ,
b  a 

xo t  

B  A
b  a 

where x o is constant

Converges uniformly on the domain

t , xo , xo , yo   0, T  G1 f  G2 f
…(10)
to the limit function x t , xo  which is satisfying the integral equation:
A  t  a xa t 1  1 t wt , s  f s, m s , x s , y s t  s  1 ds
xt , xo  

,
m
m
 
  a
…(11)
provided that

 1

T  a
x t , xo   xo 
M
  1
T  a  1 M
x t , xo  
  1

…(12)

,

…(13)

and





x t , xo   xm t , xo 
x t , xo   x m t , xo 

for t  o, T , x  Gf

 m
1
 H o E  H o   o


…(14)

 T  a  1 


   1 
where  o  
  and E is identity matrix

T  a


   1 
Proof:
Set m  0 and use (9), we get:
x1 t , xo   xo 

A  t  a x0 a t 1 
 

t
 1
ds
 t  s  f s , xo , yo  t  s 
  a
t
 1


1
t  s
T  a



ts M
M
 
 a   1
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1

x0 a 
A
 1
ds 
 t  s  f s , xo ,0, y0 s  t  s 
  a
 
1







…(15)
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Moreover, on differentiating x

x t , xo  

t

t , xo , xo , yo  , we define:


f t , x , y t  s 

 

1

o

o

1

ds

a



T  a

M t  s  ds 
M
  a
  1

1

t

…(16)

 1

So that from (6), (15) and (16) we find
t

t





y1 t , xo   yo t  

 wt , s g s, x1 s , x1 s ds    wt , s g s, x0 s , x0 s ds 

t

  wt , s  g s, x1 s , x1 s   g s, xo , x o  ds


  e  t  s  L1 x1 s   xo  L2 x1 s   x o ds
t



So,

 1



T  a
T  a 
 L2
 L1
M
  1
  1 



 

y1t , xo   yo (t ) 


…(17)

From (15), (16), (17) and the condition (8), we get x1t , xo   G , x t , xo   G1 for all
t
t  0, T , xo  G f , x  G1 f , yo t    wt , s g s, xo , xo ds  G2 f

Suppose that xm1t , xo   G , xm1t , xo   G1 then by mathematical induction we get

 1

T  a
xm t , xo   xo 
M;
  1
T  a  1 M ;
x m t , xo   xo 
  1

and
y m s , xo , xo , yo   yo s  



T  a   L T  a   M
 L1

    1 2   1 

 

where x1 t , xo   G , x1 t , xo   G1 for all t  0, T  , xo  G1f
We provide now that the sequence (9) is uniformly convergent in (10). From (9), when m  1 we
get
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A  t  a x1a t 1 

x2 t , xo   x1 t , xo  





 1

f s , x , x , y1 t  s 
1 1



 

ds 



1 t
 t  s 
  a

A  t  a xo a t 1  1 t t  s 

  a
 

 1
f s , x0 , x0 , y0 t  s 
ds
t  a t 1 x , x  1 t t  s  f s,
 1

ds
x1 , x1 , y1  f s , xo , xo , yo t  s 

1
0
 
  a





 1

t  a t
1 t
 1

x1  0 
ds
 t  s K1 x1  xo  K 2 x1  0  K 3 y1  yo t  s 
 
  a
t  a t 1 x , x  t  a  1  K  K  L  x , x   K  K  L  x , x


1 o
3  1  1 o  1
3  2 1 o
 
   1



t  a t 1  K  K  L  x , x   t  a t 1  t  a t 1  K  K  L  x  0



3  2  1 o   
3  2  1
   1
   1



x 2 t , xo   x1 t , xo  

xo t

 1

 







t
 1
ds
 f s , x1 , x1 , y1 t  s 
  a
1

 1
1 t
x t
 1
 o

ds
 f s , xo , xo , yo t  s 
 
  a







t
 1
ds
 f s , x1 s , x1 s  y1 s   f s , xo , xo , yo  t  s 
  a



t
 K x s   xo  K 2 x1 s   0  K 3 y1 s   yo
  a 1 1



1

1



t  a   K  K  L  x t   x
o

3  1 1
  1  1






t  s  1 ds




  K 2  K 3 L2  x1 t   xo 





Then



t  a  


x 2 t , xo   x1 t , xo  
 K 2  K 3 L2  x1t   xo

  1 













  K 2  K 3 L2  x1 t   xo x1 t   xo 











t
t
y 2 t , xo   y1 t , xo    wt , s g s , x2 s , x 2 s  ds   wt , s g s, x1 s , x1 s 


t
  wt , s  g s , x2 s , x 2 s   g s , x1 s , x1 s  ds








 

y 2 t , xo   y1 t , xo   L1 x2 t   x1 t   L2 x2 t   x1 t 






By induction we have:

xmt1 t , xo   xm t , xo  

T  a  q x t   x t    t  a  1  t  a  1 q  x t   x t  …(18)

1 m
m1
2 m
m1
  1
  1 
  

 t  a  1 t  a  1 

T  a
xmt1t , xo   x m t , xo  
q xm t   xm1t   

q  x m t   x m1t  (19)
  1 1
  1 2 
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Rewrite inequalities (18) and (19) in vector form:
 m1 to , xo , xo , yo   H t  m to , xo 
where

   
 x t , xo   x m t , xo  
1
 m1 1


 x
t , xo  xm t1 , xo 

 m1 to , xo , xo , yo    m1 1
 1
 1 
 t  a  1


t  a
t  a

q

q 
   1 1
 
  1 2 
H t   


t  a  1 q
 t  a  q

   1 1

  1 2


 x t , xo   xm t1, xo  

 t1 , xo    m1 1
 x t , xo   x m t , xo  
1
 m1 1


;

…(20)

It follows from inequality (20) that:

 m1t H o m t 

…(21)

where

H o  max H t 
t0,T 

By iterating inequality (21), we have:
m
 m1t   H o  m t 

…(22)

where

 t  a  1 

M
   1 
o  
t  a  M 


   1 
which leads to the estimation
m
m i 1
 i   H o  o
i 1
i 1

…(23)

Since the matrix Ho has largest eigen value:
hmax H o  



 1



t  a
q 
q 
  1 1   1 2

1  t  a 



2



2

 1  1 
 t  a  1





t

a
t

a
t

q1 
q2   4
q 
   1
  1 
   1 1 




then by using (8) the series (9) is uniformly convergent in (10), i.e.:

m i 1
 i 1
1
Lim  H o  o   H o  o  E  H o   o
m i 1
i 1

The

limiting

relation

(24)

xm t , xo  and xm t , xo , xo , yo  , i.e
Lim xm t , xo   x t , xo 

signifies

…(24)
a

uniform

convergent

of

the

sequences

m

…(25)

and
Lim x m t , xo   x t , xo 
m

By inequality (25), the estimation:

 x t1 , xo   xm t1 , xo   m
1


 x t , x   x t , x  H o E  H o   o
m 1
o 
  1 o

…(26)
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Thus, x t1 , xo  is a solution of integro–differential equalities (1), (2).





To prove that the solution x t1, xo  G f for xo  G f we take:
t
1 t
 1
 1
ds 
ds
 t  s  f s, xm s , x m s t  s 
 t  s  f s, xs , x s t  s 
a
a
 
 
1







t
 1
ds
 t  s  q1 xm s   xs   q2 x m s   x s  t  s 
  a
1

1 t
1 t
 1
 1
Lim
ds 
ds
 t  s  f s, xm s , x m s t  s 
 t  s  f s , xs , x s t  s 
m   a
  a





1 t
 1
 Lim
ds
 t  s  q1 xm s   xs   q2 x m s   x s  t  s 
m   a

Since that the sequence xm t , xo mo is uniformly convergent on o, T  from the function


xm (t , x0 ) on the same interval, then
1 t
 1
Lim
ds
 t  s  f s, xm s , x m s , ym s t  s 
m   a


t
 1
ds
 t  s  f s, xm s , x m s , ym s t  s 
  a
1

Then the solution x(t , x0 )  G f
3. UNIQUENESS SOLUTION
The study of the uniqueness solution of the problem (1) and (2) will be introduced by the following
theorem.
Theorem 2 : Global Uniqueness Theorem:
Let all the assumptions and conditions of theorem (1) be given. Then the problem (1), (2) has a
unique solution on the domain (3).
Assume that u t , xo  is another solution for (1), (2), i.e
A  t  a xa t 1  1 t t  s  f s, xs , xs , ys t  s  1 ds …(27)
u t , xo  

 
  a
Now,

we

prove

xt , xo , xo , yo   ut , xo , xo , yo 

that
and

x t , xo `  u t , xo  and to do this we need to

prove the following inequality, by induction:

 u t , xo   xm t , xo  
1

  H om E  H o  o






u
t
,
x

x
t
,
x
o
m
o 


…(28)
By using the same method in proof of theorem
(1) we get the uniqueness solution of (1) and (2)
because H om  o as m   so that proceeding
in the last inequality to the limit we should obtain
xm t , xo   ut , xo 
the
equalities
and

xm t , xo   u t , xo  .
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Remark: If we putting α=1, we get the results
of Butris which is given in [2].
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ثوختة
ئةظ ظةكولينة تويَظينا بوون و ئيَكانةييا حةال طشتطري ب خوَظةدطرت بوَ هاوكيَشةييَن طوَجناى – ثيَكهاتى نةيا
ريَنووسى ذ ثلةيا سيىَ يا كةسرى خودان مةجيَن دةستنيشانكرى  ،ئةو ذى ب طارئينانا ريَكا بيكارد بوَ نزيككرنا داى
د ضاوطك ى دا ] ،[Sturbleكو ئةم شيانني دظىَ تويَذينىَ دا بةرفرة هيةكى بكني دهندةك ئةجناميَن داى د ضاوطكى دا
].[Butris

الخالصة

يتضمن البحث دراسة وجود ووحدانية الحل الشامل للمعادالت التكاملية – التفاضلية الالخطية من الرتبة الثانية

الكسرية ذات شروط حدودية وذلك باستخدام طريقة بيكارد للتقريب المعطاة في المرجع [ ]Sturbleحيث استطعنا من

خالل هذه الدراسة توسيع بعض النتائج المعطاة في المرجع
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ABSTRACT
This study carried out from the beginning of May to the end of November 2008 to investigate the rate of Giardia
lamblia infection and its relation to some haematological, and biochemical parameters among 348 children aged 2-13
years old visited Kalar General Hospital.
General stool examination was performed by direct method using normal saline and lugols iodine. The Hb
concentration was performed by cyanmethaemoglobin. The PCV value was estimated using microhaematocrite and
total WBC count was done by cytohaemometer. The total protein and albumin estimation were estimated by
spectrophotometry.
The rate of Giardia lamblia infection in males and females was almost the same (16.37% and 16.87%). Higher rate
of infection was found among school age children >6-12 (17.93%) than in preschool children 2-6 (14.63%).
The mean value of haemoglobin concentration (gm/dl) and PCV percentage did not vary statistically in
comparison to non infected groups, while total WBC counts was significantly higher in infected children (7990 cell/ml)
than non-infected ones (5700 cell/ml).
Total serum protein and albumin concentrations were decreased significantly in G. lamblia (7.15 mg/dl, 4.91
mg/dl) infected children compared to non-infected (7.49 mg/dl, 5.02mg/dl) respectively., while total globulin
concentration increased significantly in (3.41 mg/dl) infected children compared to non-infected (2.56 gm/dl) ones.
KEY WORDS: Giardia, Kalar, Sulaimania,

INTRODUCTION

G

. lamblia is the most common intestinal
parasite identified worldwide(MoyaCamarena, et al., 2002),especially among
children. Epidemiological surveys have shown
that parasitic diarrhea in children is primarily
due to G. lamblia infection (Shakoury, et al.,
2005). The prevalence of G. lamblia in stool
specimens submitted to parasitic examination
has been reported to be 2-5% in industrialized
countries and 20-30% in developing countries
(Saffar, et al., 2005).
Parasitic infections can affect the nutritional
status of infected people, by modifying the key
stages of food intake, digestion and absorption
(Muniz-Janqueiraand
Queiroz,2002).Indirect
morbidity is particularly important in children
with parasitic infections, ranging from
malnutrition, anemia, growth retardation,
irritability and cognitive impairment to increase
susceptibility to
other
infections
and
complications (Ostan et al., 2007).

56

Anemia is estimated to affect half of the
school-age children and adolescents in
developing countries, the main causes are
parasitic infections and low iron intake.
Epidemiological studies indicate that serum iron
level decreased during giardiasis due to
malabsorption (Ertan et al., 2002 and Demirci et
al., 2003).
The aim of present study was to determine
the frequency of G. lamblia infection among
children visited Kalar-General Hospital and to
investigate the effect of infection on some
haematological and biochemical parameters.
MATERIALS AND METHODS
This study was conducted in Kalar town,
which is located in the south of Sulaimani
governorate in Iraq, where the mean temperature
and humidity were 40˚C and 70 % respectively
during summer of 2008 (Kalar Forecasting
Center). Kalar town is a semi urban area with
low socio-economic status.
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During the period of study, a total of 348
stool samples were collected from Children (188
males, 160 females) between 2-13 years old age
attended Kalar General Hospital. Stool samples
were screened for G. lamblia cysts and
trophozoites by direct microscopy.
Non-infected group were selected on the
basis of no history of diarrhea since at least 15
days. Fifty three non-infected children (28
males, 25 females) of the same age were selected
randomly and stool examination was performed
to ensure the absence of parasites.
All stool samples were collected in clean
screw-cup containers and labeled with name,
age, sex and date. The samples were examined
in Kalar General Hospital, using direct wet
mount technique using normal saline and lugol's
iodine.
Venous blood samples were collected
aseptically from non-infected and positive cases
using sterile disposable syringe (5ml). The blood
samples were divided into two portions, the first
portion (1ml) of the collected blood was kept in
tubes contained anticoagulant (EDTA) to
prevent clotting for hematological examinations,
and the second (2ml) of blood kept in plane
tubes for clotting and centrifuged. The sera were
collected and stored at -20 °C.
Estimation of hemoglobin concentration
(Hb) g/dl:
The haemoglobin concentration measured by
Drabkins
cyanmethaemoglobin
method
using spectrophotometer (Balasubramanian
et al., 1992).
Estimation of Packed Cell Volume (PCV)
was performed, using Microhematocrite

centrifuge and the result read by hematocrite
reader.
Total White Blood Cell (WBC) count was
done by mixing (0.02ml) of blood with 0.38 ml
of Turke’s fluid and counted by Neubauer
chamber.
Total protein determination was performed
by spectrophotometry at wave length 540 nm
(Tietz, 1987).
Albumin determination was performed using
spectrophotometer at wave length 630 nm
(Dauma et al., 1987).
Globulin calculation was calculated by
subtracting the value of albumin from total
protein.
Statistical analysis was carried out using
statistically available software (SPSS version
17). Comparisons between control and patient
groups were made using t-test at (0.05) and
(0.01) levels (Daniel ., 2005).
RESULTS
It was found that 57 out of 348 children
enrolled in this study were infected with G.
lamblia with a rate of 16.37%.
As shown in table (1), the studied children
were categorized into two age groups: preschool
2-6 years and school age children >6-12 years.
Lower infection rate with G. lamblia was found
in the age group 2-6 years 14.63% in comparison
with school age children 17.93%. Statistically no
significant difference was found among different
age groups in G. lamblia infection (α2=0.59,
p=0.68, df=1).

Table (1): The rate of infection with G. lamblia according to age groups.
G. lamblia
Age
(year)

No. examined

2-6

No. positive

%

164

24

14.63

>6-13

184

33

17.93

Total

348

57

16.37

α2=0.15, p=0.70, df=1

Table (2) shows rates of infection with G.
lamblia among 2-13 years age children
according to sex. Relatively a higher rate of G.
lamblia infection was found among females

16.87% than males 15.95%.,but these
differences were not significant statistically
(α2=0.04, p=0.84).
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Table (2): The rates of infection with G. lamblia according to sex.
Sex

No. examined

No. positive

% Positive

Male

188

30

15.95

Female

160

27

16.87

Total

348

57

16.37

α2=0.04, p=0.84, df=1

The clinical signs of giardiasis vary greatly
and range from total latency to chronic diarrhea
and weight loss. There were various

combinations of diarrhea, anorexia, abdominal
pain, flatulence and intermittent fever (Table 3).

Table (3): The rate of clinical symptoms in G. lamblia infected children.
Clinical symptoms

Percentage

Abdominal Pain

83.87

Diarrhoea

65.62

Presence of mucus in stool

51.51

In the present study 57 children infected
with G. Lamblia, 43 non-infected children were
examined for haemoglobin concentration. As
shown in table (4) the results of Hb values in
gm/dl (Mean±SE) revealed statistically no
significant difference between G. lamblia
12.58±0.18 infected children in comparison to

Non-infected ones 12.64±0.24. The percentage
of packed cell volume of G. lamblia infected
children were 39.41±0.71 which was non
significant as compared with non-infected group.
The total leukocyte count in infected children
(7.99 ±0.93) was significantly higher than that of
non-infected (5.7±28) ones.

Table (4): Values of Hb, PCV% and WBC count in G. lamblia infected children and non infected group.
Hb gm/dl
Mean SE

Hb, PCV,WBC

PCV%
Mean SE

WBCs (x103/ml)
Mean SE

Non-infected

12.64±0.24

39.48±0.57

5.7± 0.28

Infected

12.58±0.18

39.41±0.71

7.99±0.93*↑

*↑significant increase at (p<0.05).

Total serum protein concentration in G. lamblia
infected children (7.15±0.47); were significantly
lower (p<0.05) than non-infected (7.49±0.26),
while albumin concentration of G. lamblia
infected children were significantly lower
(p<0.01) than non-infected group (Table 5).
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The total serum globulin concentration in
infected children (3.41±0.53) was significantly
higher (P<0.05) as compared with non infected
group (2.56±0.24).
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Table (5): Concentrations of total serum protein, albumin and globulin in G. lamblia infected
children and non infected group.
Proteins
Infections

Total protein
(gm/dl±SE)

Albumin
(gm/dl±SE)

Globulins
(gm/dl±SE)

Non-infected

7.49±0.26

5.02±0.02

2.56±0.24

Infected

7.15±0.47*

4.91±0.16**

3.41±0.53*↑

*significant decrease at (p<0.05).
**significant decrease at (p<0.01).
*↑significant increase at (p<0.05).

DISCUSSION
In the present study, the infection rate with
G. lamblia was 16.37% among total number of
samples examined. The studies performed in
Iraq reported different rates of infection with G.
lambli ranged from 8-41.6% .
Several studies were reported lower rates of
infection than this study such as Kadir et al.
(1987) in Erbil (10.9%), Hussein (2003) in
sulaimania (8%) among general population and
(11.9%) among children. These low rates of
infection may be due to that these studies are
conducted on the population of all ages which is
normally having lower rates of infection than
children.
Relative lower rates of infection were
recorded by Ahmed (2006) in Erbil (14.02%),
Hama (2007) in Erbil (13.13%), these may be
related to the study on children which is similar
to age groups of the present study. Closer rates
of infection were reported by Al-Saeed et al.
(2001) in Duhok among sick patients (17.6%).
Higher rates in some other studies were
recorded in Iraq, Kadir and Salman (1990) in
Kirkuk (30.39%), Al-Saeed and Issa (2006) in
Duhok (38.5%).
G. lamblia infection exhibits a high rate
among our community especially among
children; such high rate of infection among
children could be related to a number of factors
such as poor health hygiene and toilet training,
overcrowding, low education of children, low
socioeconomic status and climatic conditions,
another important factor which affects the rate of
giardiasis is the presence of asymptomatic
patients in the community who can be
considered as the main source of infection
through continuously excreting the cysts stages
with their stools.

Results obtained from this study was in
agreement with that obtained by Al-Barzanjy
(1987), recorded a higher but not significant
rates of G. lamblia infection among females
(12.33%) than among males (10.28%). Ahmed
(2006), recorded significantly higher rates of
infection among females (16%), than males
(12.23%) respectively.
The higher rates of infection among females
than males may be due to that males in our
society are given more importance regarding
treatment as compared to females or may be due
to female's household activities, such as food
preparation, washing of fruits and vegetables and
cleaning of the house which may expose them to
parasites.
While some other researchers in Iraq were
recorded significantly higher rates of infection in
males than in females. Al-Saeed and Issa (2006)
recorded significantly higher rates of infection in
males (41.6%) than in females (35.6%) among
infected children. Younas et al. (2006) recorded
a higher rate of infection in males (63.5%) than
in females (36.5%) among children 4-12 years
old. Higher rates of infection in males may be
related to contaminated environment because of
nature of their jobs or the study may be biased as
males or females were predominating gender.
The clinical patterns of parasitic
infections are variable. Giardiasis can be
diagnosed on the basis of symptoms. The
clinical signs of giardiasis vary greatly and range
from total latency to chronic diarrhea and weight
loss. The incubation period is mostly 8 days and
results in various combinations of diarrhea,
anorexia, abdominal pain, flatulence and
intermittent fever (Baqai, 1997).
In this study the pattern of symptoms in G.
lamblia infection was pain (83.78%), diarrhea
(65.62%), and presence of mucus in stool
(51.51%). Presence of mucus in stool is an
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indicator on malabsorption of fat among infected
children which lead to weight loss.
Relatively similar results were obtained by
Gillespie and Pearson (2001), who recorded pain
86% (72%-97%), diarrhoea in 90% (64%100%), presence of mucus in stool 75% (57%87%). While Baqai (1997), stated that the
predominant sign of giardiasis was diarrhea
(96%) followed by abdominal pain (73%). On
the other hand Younas et al. (2006) recorded
lower rate of diarrhea (25%), higher rate of
abdominal pain (70.7%).
Regarding haematological parameters, the
results of this study were in agreement with the
results of Al-Barzanjy (1987) who also
estimated haemoglobin level, packed cell
volume and total WBC count for G. lamblia
infected and healthy persons, but she did not
observed any significant differences between
infected and non persons. Ali (2007) also in
Sulaimania, did not observe any significant
decrease in PCV% value in infected and noninfected persons.
Low hemoglobin concentration generally
could be due to malabsorption or by
Ferroelective mal absorption (Girabi, et., 1999).
Some intestinal parasites cause malabsorption by
covering the lumen of intestine and deteriorate
of the physiological action of epithelial cells
(Troeger et al, , 2006). G. lamblia is known to
cause anemia through damaging the intestinal
brush border, and causing malabsorption of
vitamin B12 (Al-Shishtawy and Anany, 1998).
On the other hand the results of this study
disagree with the results obtained by most of the
authors worked in this field, such as Niazi et al.
(1983) in Baghdad, they observed that an
average haemoglobin level among G. lamblia
infected individuals were lower than normal. AlAumer (1992) in Ninevah observed that
haemoglobin value in non-infected group was
13.4 gm/dl, this value has been reduced to 10.96
gm/dl in infected groups with intestinal
parasites. Hama (2007) in Erbil, revealed that
intestinal parasitic infections especially G.
lamblia
significantly
decreased
the
haematological parameters (Hb and PCV%)
among children.
Most of the mentioned studies were carried
out on populations or school children who were
asymptomatic and chronically infected, for this
reason the effect of parasite was clearly shown
on haemoglobin level. While this study
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performed on sick children attended hospital, in
acute infection by G. lamblia severe symptoms
is produced that obliged the patient to consult
the physician and have greater opportunity to be
treated in such cases it is not possible to
determine accurately the effect of these parasites
on haematological parameters.
Increase in total WBC count values in
infected children in our study is in agreement
with Baqai (1997) who recorded a higher value
of total WBC count among G. lamblia infected
patients, this may be due to the acute infection
with those parasites may trigger increase in the
number of WBCs especially in the number of
neutrophil and monocytes as mentioned by AlBarzanjy (1987).
Attachment of a large number of G. lamblia
to intestinal mucosa may exert an irritative,
mechanical, or possibly a toxic action on the
intestinal mucosa, this may lead to shortening
and blunting of the villi, thus interfering with
intestinal absorption of nutrients and producing
malabsorption syndrome (Faubert, 2000). The
lower level of total protein in infected children
than non-infected ones is in agreement with
Carroccio et al. (1997), who recorded lower
levels of total serum protein 4.3 gm/dl and
albumin 2 gm/dl in G. lamblia in infected
patients compared to the healthy total serum
protein 6.7 gm/dl and albumin 3.8 gm/dl levels.
Haydar (1993) in Kirkuk, recorded
significantly lower level of total serum protein in
G. lamblia infected patients which was
5.83±0.65 gm/dl as compared to control ones
6.73±0.45 gm/dl.
The results of this study disagrees with AlBarzanjy (1987), who did not observe any
significant differences in the level of total serum
protein and albumin between G. lamblia infected
and non-infected group (6.82±0.59 gm/dl,
3.8±0.3 gm/dl), (7.27±0.4 gm/dl, 3.82±0.27
gm/dl), respectively. This may be due to her
study was performed on general population,
which includes a large proportion of
asymptomatic patients which can not be affected
as heavy as symptomatic children who visit
hospitals.
The total serum globulin concentration of G.
lamblia infected children was significantly
higher than non-infected group. This finding
were parallel to the results of increased total
WBC count in infected patients which confirm
that acute infection may triggers both humoral
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and cellular immune system. Similarly Baqai
(1997)
recorded
significantly
higher
concentration of total globulin in serum of G.
lamblia infected patients (2.57 mg/dl) as
compared to control (1.83 gm/dl).
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مدى انتشار طفيلي جارديا المبليا  Giardia lambliaبين االطفال
في قضاء كالر وعالقته ببعض المتغيرات الدموية و الكيموحيوية

أجريت هذه الدراسة خالل الفترة الزمنية التي ترا وحت مابين بداية شهر مايس حتى نهاية شهر كانون األول
لسنة  ،8002للكشف عن نسبة اإلصابة بجارديا المبليا وعالقتها ببعض المتغيرات الكيموحيوية في دم  842من األطفال
المراجعين للمستشفى العام في كالر ،والذين تراوحت أعمارهم مابين  38-8سنة.
فحصت عينات البراز بالطريقة المباشرة باستعمال محلول الملحي ومحلول االيودين وتم أ جراء قياس مستوى
هيموغلوبين الدم بالطريقة  Cyanmethemoglobinبواسطة جهاز  Spectrophotometerوحجم كريات الدم
الحمرالمضغوظة ( )PCVبواسطة Microcentrifugeوعدد كريات الدم البيض ( )WBCبواسطة ،Cytohaemomete
وتم اجراء قياس مستوى بروتين الكلى وااللبومين بطريقة . .Spectrophotometery
بلغت نسبة االصابة بالجارديا المبليا .%33,81كانت نسبة أصابة األناث بالجارديا المبليا  % 33،21و % 31,51
للذكور متساوية تقريبا.
بينما كانت نسبة اإلصابة بالجارديا المبليا هي األعلى بين األطفال ذات العمر المدرسي < ،)% 39,71( 38-3مقارنة
باالطفال قبل العمر المدرسي  ،)%34,38( 3-8لم يالحظ اى أختالف معنوى في معدل هيموغلوبين(غرام\ 300مل)
الدم والكريات الدم المضغوطة ( )PCV%لدى األطفال المصابين بجارديا المبليا و الغير مصابين ،ولكن كان معدل
الكريات الدم البيض لدى المصابين كانت أكبر عند األصابة بجارديا المبليا ( 1550خلية\مل)و بالمقارنة مع الغير
المصابين (1100خلية\مل).
بلغ المعدل الكلى لبروتين و االلبومين لدى األطفال المصابين بجارديا المبليا ( 1,31ملغرام\300مل4,53 ،
ملغرام\300مل) على التوالي مقارنة مع األطفال السويين ( 1,45ملغرام\300مل 1,08،ملغرام\300مل) على التوالي،
ولوحظت زيادة معنوية في كلوبيولين الدم عند األصابة بجارديا المبليا بلغت ( 8,43ملغرام\300مل) مقارنة مع األطفال
السويين(ملغرام\300مل .)8,13
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ABSTRACT
Activated sludge processes can be set up as continuous flow reactors (CFR) or cyclic fill and draw systems,
also known as sequencing batch reactor (SBR). In this research, a comparison between these two processes was
carried out. Two identical laboratory scale reactors were used in this study. The reactors were designed to work
under the same operating condition within the levels of F/M ranged between 0.1 to 0.6 g COD/g VSS.d. The
comparing parameters were; the effluent COD and BOD, oxygen uptake rate, sludge volume index, sludge settling
velocity and the effluent pH values. The results of the study showed that, the sequence batch reactor is better than
the continuous flow reactor in removing the organic matter. The values of effluent COD and BOD in the sequence
batch reactor were equaled to 71% to 87% and 84% to 90% of the corresponding values in the continuous flow
reactor and for the both parameters respectively. The settling characteristics of sludge produced from the
sequence batch reactor were better than that produced from the continuous flow. The values of (SVI) were less in
the sequence batch reactor than in the continuous flow. Linear and logarithmic form of equations had proven to
be efficient in representing the influence of F/M ratio on effluent COD and BOD and on the oxygen uptake rate
respectively.
KEYWORDS: Continuous flow reactor, SBR, OUR, Sludge settling velocity, SVI

INTRODUCTION

A

ctivated sludge process currently
represents the most widespread
technology for wastewater purification. It can
be found in varied climate conditions and in
different sizes. Its scale ranges from package
plants for one family to huge plants serving big
metropolises. Wastewater treatment plants
equipped with the activated sludge process are
able to fulfill the most stringent effluent
criteria.
In general, the activated sludge processes
could be operated in two major modes; the
continuous flow or batch flow reactor. In each
mode, the wastewater contacts with
flocculating microorganisms in the reactor.
During that, the microorganisms consume the
substrate either aerobically or anaerobically.
Gravity sedimentation unit usually follows this
process
in
which
the
flocculated
microorganisms separated from the bulk
solution. A part of the separated
microorganisms is returned to the reactor to
maintain the required level of microorganisms
while the other reminder part is transported to

the sludge treatment units. The decanted water
is overflowed to out as effluent.
In continuous flow systems, these processes
occur simultaneously in separated basins so the
function of each unit is constant with time. The
system works in continuous flow regime
because influent is constantly entering the
basins. The conditions inside the reactor are
also mostly constant in the continuous flow
reactors, so this system usually works at steady
state conditions. The reactor in the continuous
flow system is typically designed to achieve
one function. Some time, and with a specific
design and mode of operation organic removal
process and nitrification process can be
occurred in the same reactor. Denitrification
process needs a separate reactor in the
continuous flow system to occur.
The sequence batch reactor (SBR) is
designed to work in a true batch mode of
operation under unsteady state conditions. All
activities of aeration, sedimentation, decanting
and sludge recycling are carrying out at the
same tank in a time sequence condition. The
cycle for the tank is usually divided into five
discrete time periods: Fill, React, Settle, Draw
and Idle. There are several types of Fill mixing
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procedures. Sludge wasting may take place
near the end of React, or during Settle, Draw,
or Idle (Saleh, 2005).
The treatment cycle can be adjusted to
undergo aerobic, anaerobic, and anoxic
conditions in order to achieve biological
nutrient removal, including nitrification,
denitrification, and some phosphorus removal.
Biochemical oxygen demand (BOD) levels of
less than 5 mg/L can be achieved consistently.
Total nitrogen limits of less than 5 mg/L can
also be achieved by aerobic conversion of
ammonia to nitrates (nitrification) and anoxic
conversion of nitrates to nitrogen gas
(denitrification) within the same tank (Ronald
F.P., 2005).
The major differences between the
sequence batch reactor and the continuous
flow, is that the tank in the sequence batch
reactor carries out the functions of aeration and
sedimentation in a time sequence while
separate tanks are generally required in the
continuous flow systems.
The main advantage of the sequence batch
system is that it can be designed to work with a
wide range of influent volumes whereas the
continuous system is based upon a fixed
influent flow rate. Thus, there is a degree of
flexibility associated with working in a time
rather than in a space sequence (Norcross,
1992). The main disadvantages of the sequence
batch reactor are its sensitivity to the change in
influent quality and the shock loading
conditions due to the low dilution factor in the
reactor in addition, to the unstable
consumption of oxygen during the aeration
period.
On the other hand, the main advantages of
the continuous flow systems are they have a
better response to the changes in influent
characteristics and shock loading conditions
due to high dilution factor in the reactor, stable
consumption of oxygen during the aeration
period but they have been shown some
operational problems during peak flows, in
addition to the washouts, and poor effluent
(Ronald, 2005).
Some of the research papers have attempted
to study the difference between the continuous
flow and sequence batch reactor. In the study
of Dudley, (1991) a combined of batch and
continuous flow reactors was used to
investigate the performance of these systems in
treating the oily waste and to study the
response under the shock loading conditions.
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(Janczukowicz, 2000) examined the settling
properties of activated sludge from the
sequencing batch reactor (SBR). (Sorour,
2003), investigated the performance and
treatment capability of sequencing batch
reactor and continuous flow activated sludge
systems under heavy metals shock loads. (Zhu,
2006), studied the influence of carbon addition
on performance of a laboratory-scale,
anaerobic–anoxic–anaerobic–anoxic
sequencing batch reactor [(An/Ax)2 SBR] in
biologically removing nitrogen and organic
matter. (Papadimitriou, 2006), operated two
bench scale activated sludge systems, a
continuous flow stirred tank reactor and a
sequence batch reactor for the treatment of
coke – oven wastewater. (Stricker, 2006),
operated a pilot plant in order to compare the
advantages and disadvantages of the
sequencing batch reactor versus the continuous
flow reactor. (Mahvi, 2008), reviewed the
advantages of sequence batch reactors over the
continuous flow system. (Abdel Kader, 2009),
compared the performance and treatment
capability of both of sequencing batch reactor
(SBR) and the continuous flow activated
sludge process under different cases of
operation.
This research aims to achieve a comparison
between the continuous flow and the sequence
batch activated sludge systems. The comparing
parameters were; the effluent COD and BOD,
oxygen
uptake
rate,
sludge
volume
index, sludge settling velocity and the effluent
pH values.
MATERIALS AND METHODS
To achieve the goals of this study, two
identical laboratory glass reactors with the
volume of 17.5 liters for each were used. One
of these reactors was designed to work on the
continuous flow mode whereas the other one
was operated on the sequence batch reactor
regime. A cylindrical shape basin supplied by a
special design recycling system was connected
to the continuous flow reactor to achieve the
secondary clarifier requirement, see figures 1
and 2. The recycling system consisted of
contactors, adjustable timers, electrical motors
and connecting tubes.
Wastewater was fed to the system by means
of gravity using a specific feeding
arrangement. The supplying system consisted
of two elevated tanks, booster, tubes and the
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control valves. Electrical booster was used to
pump the wastewater to the first tank which
was connected to a second tank placed on a
lower level. The second tank was supplied by a
mechanical floating valve to ensure a constant
head in it and accordingly uniform wastewater
feeding to the reactors (Figure 3).
In order to accomplish the aerobic and
complete mixing condition in the basins, each
25 cm

11cm

25 cm

Settling tank

Influent
Reactor

25 cm

reactor was supplied by six stone diffusers
located on the sides of basins, see figures 4.
Four pressurized small air pumps (two for each
basin) were used to supply air to the reactor.
The dissolved oxygen concentrations in
the reactors were periodically measured
and maintained within the recommended
operating values and were not lower than
1.0 mg/L (Metcalf and Eddy, 2003).

Effluent

Influent
Effluent

25 cm

Influent

Influent
Excess sludge

Control valve Return sludge pump
Excess sludge

Control valve

7 cm

Effluent

Effluent
7 cm

28 cm

Reactor

Figure 1: Schematic diagram of
continuous flow reactor used in the study

28 cm

the

Reactor

Figure 2: Schematic diagram of the sequence
batch reactor used in the study
Stone diffusers

Excess sludge

Return sludge pump
Air blower

Feed tank

Air blower

Constant head tank
110 cm

Air blower

Air blower

Control valve
150 cm
Reactor
Reactors

40 cm

Booster
Fig. 3: Feeding arrangement

Fig. 4: Arrangement of stone diffusers in the reactors
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The acclimated process was carried out
separately in two glass reactors with the
volume of 9 liters. In the beginning, two liters
of domestic wastewater were placed in each
reactor. Throughout five days, the wastewater
was aerated with pH adjustment in order to
provide the initial seed. Between the 6th and
10th days, each reactor was fed daily with one
liter wastewater without decanting. During the
next seven days, each reactor was fed at a daily
rate of 7 liters by replacing the supernatant. At
the end of the period, the system became stable
and the mixed liquor suspended solids reached
to 2200 mg/L.
The following measurements have been
done according to the Standard methods
(APHA, 2005). Total chemical oxygen demand
(COD) was performed on the influent
wastewater samples, total and soluble (COD)
were performed on the effluent and mixed
liquor samples using dichromatic-closes reflex,
titrimetric method. Dissolved oxygen (DO) and
mixed liquor temperature were measured at
numerous locations in the reactors by
suspending the probe of dissolved oxygen
meter in the mixed liquor, pH value was
determined using a pH meter with glass
electrode. Biological oxygen demand was
determined for 5 days incubated samples.
Concentration of suspended solids in the
effluent was also measured repeatedly.
Oxygen uptake rate (OUR) was estimated
by measuring the slope of the variation of
dissolved oxygen (DO) concentration curve
with time and according to the procedure in the
Standard methods (APHA, 2005). In the
sequence batch reactor, the oxygen uptake rate
were measured twice in the beginning and at
the end of aerating period.
Sludge settling velocity and sludge volume
index (SVI) were determined periodically for
both of the continuous and batch systems
according to procedure explained by the
Standard methods (APHA, 2005). Eq. (1) was
used to calculate the sludge volume index of
the systems.
SVI 

SSV30 1000
MLSS

………………… (1)

where:
SVI: sludge volume index, mL/g
SSV30: Settled sludge volume at time of 30
min, mL/L
MLSS: mixed liquor suspended solids of
the sludge, mg/L
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RESULTS AND DISCUSSION
In Figs. 5 and 6, the probability distribution
of the effluent COD and BOD5 values for both
of the continuous and batch reactors were
represented. As shown in the figures the
sequence batch reactor was better than the
continuous in removing organic matter. In the
figure (5), about 46% of effluent COD values
in the sequence batch reactor had reading equal
to or less than 60 mg/L comparing to 12.7% in
the continuous flow reactor. 100% of COD
readings in sequence batch reactor had values
equal to or less than 85 mg/L, whereas 100%
of COD readings in the continuous flow
reactor had values equal to or less than 97
mg/L. In Fig. 6, 38% of BOD5 readings in
batch reactor had values equal to or less than
25 mg/L comparing to 8% in the continuous
flow reactor. 100% of the sequence batch
reactor readings had values equal to or less
than 34 mg/L, whereas 100% of the continuous
flow reactor readings had values equal to or
less than 37 mg/L.
To describe the influence of F/M ratios on
the effluent COD and BOD5 for both of the
continuous and sequence batch reactors,
figures (7 and 8) were constructed. As noted in
the figures, the sequence batch reactor was
better than the continuous flow in removing the
organic matter. The values of effluent COD
and BOD in the sequence batch reactor were
equaled to (71% to 87%) and (84% to 90%) of
the corresponding values in the continuous
flow and for both parameters respectively. The
reason of that may be attributed to the
operating condition differences between these
two systems. The reaction taking place in
biological aerobic oxidation process is many in
number and is complex in nature. This happens
because the microbial population is
heterogeneous and the substrate is made up of
large number of components. The various
reactions proceed with different kinetics and
are influenced in different way by the
operating conditions (Haas, 1979). Moreover,
the microbial diversity is higher in the
sequence batch reactor due to the alternating
feast/famine conditions (Orhon, 2005). This
may account for faster kinetics and better
settleability than in a continuous flow reactor
made of one or a few completely mixed
reactors (Stricker, 2006). The combined effect
of the feast and famine periods is optimizing
the removal of COD and BOD. Furthermore,
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the values of operating parameters such as
aerobic solid retention time or F/M ratios are
not directly comparable between and
continuous flow reactor, because, for part of
the day, the sequence batch reactor tank acts as
a clarifier (Stricker, 2006). This finding
confirms the results of (Metcalf and Eddy,
2003) emphasizing that, at the same solid
retention time and F/M ratio, the sequence

Fig. 5: Probability distribution plot of the values of
effluent COD for both of continuous and batch
reactors

Fig. 7: Effect of F/M ratio on the remaining COD
for both of continuous and batch reactors

Figure 9 illustrates the relationship between
F/M ratio and the oxygen uptake rate for both
of continuous flow and sequence batch
reactors. As noted in the figure, there was a
difference in oxygen uptake rate pattern
between these two systems. At a specific F/M
ratio, the oxygen consumption at initial period
is approximately twice than that at the final
period in the sequence batch reactor while it is

batch reactor may be expected to be more
efficient because of its batch kinetic. As shown
in the figures, the linear form of equation had
proven to be efficient in representing this
behavior. The coefficients of determination
(R2) for these equations were relatively high
and equal to (0.967) and (0.988) for both COD
and BOD respectively which generally
indicates a good fit.

Fig. 6: Probability distribution plot of the values of
effluent BOD for both of continuous and batch
reactors

Fig. 8: Effect of F/M ratio on the remaining BOD
for both of continuous and batch reactors

stable in the continuous flow reactor.
Increasing F/M slightly increases the oxygen
uptake rate in the sequence batch reactor while,
it clearly influences in the continuous flow
reactor. The reason may be attributed to that;
there is no constant F/M ratio in the sequence
batch reactor as it changes with time. In
contrast, the F/M ratio in the continuous flow
reactor is stable and constant with time. That
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explains why the continuous flow reactor
shows more response to increase the F/M ratio
than the sequence batch reactor. As shown in
the figure, the logarithmic form of equation
had proven to be efficient in representing this
effect. The coefficients of determination (R2)
were relatively high and ranging between (0.80
and 0.983) for both of the reactors types.
Two commonly used measures developed
to quantify the sludge settling characteristics of
activated sludge are the sludge volume index
(SVI) and settling rate (Metcalf and Eddy,
2003). Sludge volume index (SVI) is an
indication of the sludge settle ability in the
final clarifier. It is a useful test in indicating the
changes in the sludge settling characteristics
and quality (Metcalf and Eddy, 2003). The SVI
index relates the weight of sludge to the
volume and attempts to show how well the
activated sludge separates from the mixed
liquor. Sludge with a low SVI has good settling
and compaction characteristics.
Sludge volume index (SVI) is also a good
indicator of sludge bulking. In practice, SVI
can vary from 30 to 400 ml/g (Jenkins, 2003).
For good settling properties it usually does not
exceed the value of 150 ml/g (Metcalf and
Eddy, 2003). Sludge of the SVI over 150 ml/g
is often classified as bulking sludge, in
contrast, quickly settling sludge (SVI below
70) can be the reason for turbid effluent,
caused by weakly structured and small flocs
(Palm J, et al., 1980).
The relationship between the F/M ratio and
both of the sludge volume index (SVI) and
sludge settling velocity for the two types of
reactors are shown in Figs. 10 and 11. As noted
in the figure 10, the sludge volume indexes
were less in the sequence batch reactor than in
the continuous flow at all F/M ratios. Also
there is a notable value (F/M equal to 0.6 g
COD/g VSS) at which minimum SVI was
occurred. (Pipes, 1979) suggested that the
lowest SVI can occur at F/M ratio ranging
from 0.34-0.65 g COD/g VSS. d.
As shown in Fig. 10, the values (SVI) in the
sequence batch reactor were less than that in
the continuous flow reactor. That means, the
settling characteristics of sludge produced from
the sequence batch reactor was better than that
produced from the continuous flow reactor.
The reason of that mostly attributed to the
unsteady state and alternating feast/famine
conditions in the sequence batch reactor which
holding back growth of filamentous

36

microorganisms in the reactor. In contrast, the
steady state condition in the continuous flow
reactor eases growing bad settling organisms
which consequently increases the (SVI) value
and decreases the sludge settling velocity.
The hydrogen ion concentration (pH) is an
important parameter of both wastewater and
biological treatment facilities. It’s a key factor
in the growth of organisms. Most bacteria
cannot tolerate pH levels above 9.5 or below
4.0 (Metcalf and Eddy, 2003). Generally, the
optimum pH for bacteria lies between 6.5 and
7.5 (Metcalf and Eddy, 2003). For treated
effluent discharged to the environment the
allowable pH range usually various from 6.5 to
8.5. In Fig. 12, the effect of F/M ratio on the
pH values at both of continuous and sequence
batch rector were represented. As shown in the
figure, the values of pH increase with
increasing the F/M ratios in both types of
reactors. Under the aerobic condition in the
biological reactors, microorganisms oxidize
organic matter and release (CO2) gas, (equation
2). Dissolve (CO2) in water (H2O), releases
bicarbonate root; (equations 3 and 4) which
works to shift solution to be on the pH
bicarbonate buffering level of about 8. As the
F/M ratio increased, organic amount available
in the bulk solution became bigger, i.e., more
CO2 released and higher pH buffering capacity
(Viessman, 1985).
Organics  O2 bio
deg
radable

 CO2  H 2 O  New

cells+OtherProducts (N,P)

(2)

CO2  H 2 O  H 2 CO3  H   HCO3

(3)
CO2  OH  HCO3   H   CO3 2

(4)
As shown in the Figure, the values of pH in
the batch reactor were slightly lower than the
values in the continuous reactor. In the batch
reactors the concentration of organic substrate
available in solution changes with time, which
allows to different types of microorganisms to
growth. At the first hours of operating, the
concentration of organic matter is usually high.
Within the time, the organic substrate
decreases. Low concentrations of carbonaceous
and high dissolved oxygen assist growing of
nitrification bacteria. Nitrification process
usually drops the pH value of the system
(Metcalf and Eddy, 2003). The potential drop
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in pH is due to the increased presence of nitrate
ions in solution and the lowering of the
buffering capacity due to air stripping (Metcalf
and Eddy, 2003). As the organic load applied
on the both systems were equal, smaller pH
values in batch reactor demonstrated that
nitrification process occurred in this reactor
was better than the continuous one.
CONCLUSIONS
1. The sequence batch reactor was better than
the continuous flow reactor in removing the
organic matter. The values of effluent COD
and BOD in the sequence batch reactor were
equaled to 71% to 87% and 84% to 90% of the
corresponding values in the continuous flow

reactor and for the both parameters
respectively.
2. Linear form of equation had proven to be
efficient in representing the effect of F/M ratio
on the effluent COD and BOD in both types of
reactor.
3. Increasing F/M ratio slightly increased the
oxygen uptake rate in the sequence batch
reactor while, this increasing strongly
influenced the oxygen uptake rate in the
continuous flow reactor.
4. Settling characteristics of the sludge
produced from the sequence batch reactor were
better than that produced from the continuous
flow reactor. The values of (SVI) in the
sequence batch reactor were equaled to 75% to
90% of the corresponding values in the
continuous
flow
reactor.

Fig. 9: Effect of F/M ratio on the oxygen uptake
rate for both of continuous and batch reactors

Fig. 10: Effect of F/M ratio on the sludge volume
index for both of continuous and batch reactors

Fig. 11: Effect of F/M ratio on the sludge settling
velocity for both of continuous and batch reactors

Fig. 12: Effect of F/M ratio on pH value for both of
continuous and batch reactors
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الخالصة

تم في هذا البحث المقارنة بين أداء نوعين رئيسيين من أنواع مفاعالت أنظمة الحماة المنشطة ذات المزج

الكامل هما مفاعل الجريان المستمر ومفاعل التشغيل التعاقبي ذو التغذية بالجرعة .تمت المقارنة من خالل استخدام

مفاعلين بيولوجيين متطابقين صمما للعمل تحت نفس الظروف التشغيلية وبمدى من نسب غذاء إلى وحدة أحياء
مجهرية يتراوح ما بين  1.0 – 1.0غرام متطلب كيماوي لألوكسجين /غرام أحياء مجهرية .يوم .تم خالل البحث مراقبة

خصائص المياه الناتجة وقابلية ترسيب وفعالية الحماة البيولوجية داخل المفاعالت ولكال النظامين وذلك عن طريق
قياس كل من المتطلب الكيماوي لألوكسجين ،المتطلب البيولوجي لألوكسجين ،سرعة استنزاف األوكسجين من قبل
األحياء المجهرية  ،معامل دليل الحماة الحجمي ،سرعة ترسب الحماة و قيمة الدالة الحمضية .أثبتت نتائج البحث
تفوق المفاعل البيولوجي ذو التشغيل التعاقبي والتغذية بالجرعة على مفاعل الجريان المستمر في إزالة المواد العضوية
حيث تراوحت قيم المتطلبين الكيماوي والبيولجي لألوكسجين في المياه الناتجة عن مفاعل التغذية بالجرعة مابين

 %10إلى  %71و  %78إلى  %01من قيمها المناظرة في مفاعل الجريان المستمر ولكال المتطلبين وعلى التوالي.

كذلك كانت الحماة الناتجة من مفاعالت التشغيل الجرعي ذات خصائص ترسيب أفضل من قرينتها الناتجة عن
مفاعل التشغيل المستمر وذات قيم معامل دليل حماة حجمي اقل .كذلك اثبت البحث أن النموذجين الرياضيين

الخطي واللوغاريتمي كانا جيدين في تمثيل تأثير معامل نسبة الغذاء إلى األحياء المجهرية على كل من قيمة المتطلب

الكيماوي والبيولوجي لألوكسجين وعلى سرعة استنزاف األوكسجين من قبل األحياء المجهرية وعلى التوالي.

67

J. Duhok Univ., Vol. 15, No.1 (Pure and Eng. Sciences), Pp 72-76, 2012

EFFECT OF FOURTEEN ANTIBIOTICS ON Klebsiella
pneumonia AND Proteus mirabilis STRAINS ISOLATED
FROM HUMAN URINARY TRACT.
*

ABDULRHEM THONNON YOUNIS AL-GHAZAL
Dept. of Biology, College of Science, University of Mosul- Iraq.
(Received: May 8, 2011; Accepted for publication: December 3, 2011 )
*

ABSTRACT
The urinary tract is normally sterile and resistant to bacterial colonization despite frequent contamination of the
distal urethra with colonic bacteria. Klebsiella pneumonia, Proteus mirabilis, and other coliform bacteria are the most
frequently implicated pathogens. The prevalence of antibiotic-resistant bacteria has increased and multi-drugresistant strains were emerged in many species and cause diseases in humans. This study was performed to determine
the patterns of multi and single antibiotic resistant strains of two important urinary tract pathogens. From 236 urine
specimens 32 strains of Klebsiella pneumonia and 11 strains of Proteus mirabilis were isolated with infection rate
reached 9.8% and 3.36% respectively. Strains of Klebsiella pneumonia showed single-antibiotic-resistance ranged
between 100% for Cephaloridin, and Cloxacillin and 6% for Gentamycin. Whereas Proteus mirabilis showed high
resistance to single antibiotic ranged between 100% for Erythromycin, Cloxacillin, and Cephaloridin and low
resistance (36%) for Naldixic acid and Nitrofurantoin. Proteus mirabilis gave high multi-resistance (100%)
represented by one strain with two frequencies (13.33%) and resistant to 13 antibiotic. K. pneumonia gave 6 strains
classified into two patterns; first includes four strains with two frequencies (13.33%) for each. Each strain was
resistant to 9, 10, 11, and 12 antibiotics. The second pattern includes two strains which are resistant to 13 antibiotics
for each but one strain gave two frequencies (13.33%) and the second showed 20% frequency. In conclusion, it is
important to produce new effective antibiotics and used them against these multi-resistant strains. More rational use
of antibiotics and decrease abuse of antibiotics are needed.
KEYWORDS: Klebsiella, Proteus, Multi-antibiotic-resistant strains, Urinary tract infection.

1- INTRODUCTION

A

ntibiotics have revolutionized the
treatment
of
common
bacterial
infections and play a crucial role in reducing
mortality. Antimicrobial therapy should be used
in severe diseases to reduce the duration of
illness. However, the progressive increase in
antibiotic resistance among enteric pathogens in
developing countries is becoming a critical area
of concern. In addition, the overuse and misuse
of antibiotics in the treatment of diseases could
lead to an increase in the antibiotic resistance
(Mehndiratta, et al., 2010). People could easily
buy antibiotics without a doctor’s prescription
for treating themselves. On the other hand
doctors often use antibiotics to treat patients
whose infections are known to be caused
by viruses. These findings are alarming because
antibiotics are not effective against viruses,
and antibiotic overuse has been linked to
the development of resistant bacterial strains
(Kevin at al., 2010)
Multi-antibiotic resistance has become an
increasingly pressing problem all over the world.
Bacteria that consistently have been susceptible
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to antimicrobial agents for decades now have
developed resistance not only to classic therapies
but also to newer agents as well (Afset, 2003).
Other bacteria have developed resistance to
recent antibiotics almost as soon as the drugs
have been marketed. In some cases, strains of
bacteria developed resistance to numerous
antibiotics have become so prominent that
keeping patients with serious infection and the
prevalence of antibiotic resistant bacteria is a
result of antibiotic use both within medicine and
veterinary medicine. As resistance becomes
more common there becomes a greater need for
alternative
treatments.
However
despite
researching for new antibiotic therapies there has
been a continued decline in the number of newly
approved drugs. Antibiotic resistance therefore
poses a significant problem (Arias et al., 2009).
Klebsiella pneumonia and Proteus mirabilis
play an important role in infections of human
urinary tract (HUT). These infections are
represented
by
nephritis,
glumerulitis,
pyelonephritis, ureteritis, cystitis and urethritis
(Nicolee, 2001).
Manjula et al., reported in 2007 that during
the period from 2002 to 2005 Klebsiella species
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and Proteus species caused 9.23% and 2.3%
urinary tract infection respectively. Pathogenic
importance of these bacteria increased through
two points: first, due to their ability to cause
many infections in HUT, second, due to their
resistance to many antibiotics which complicate
the infection to become uncontrolled (Peterson,
2004). These infectious bacteria have evolved
antibiotic-resistance mechanism by formation of
a new gene transmitted by plasmids or by other
factors like, transposon and entegeron
(Ehinmidu, 2003). The results of these processes
are emerged from many strains with multiresistant antibiotic patterns with high frequency
percentage. These strains use several
mechanisms in attaining multidrug resistance
such as enzymatic deactivation of antibiotics,
altered target sites of antibiotic, efflux
mechanisms to remove antibiotics and increase
mutation rate as a stress response (Li and
Nikadio, 2009). The aim of this study is to
determine the single and multi- antibiotics
resistant strains for both bacteria.
2- Materials and methods
2-1- Samples Collection
Clean mid-stream urine samples were
collected randomly from 236 in-patients and outpatients in General Hospital of Albeida City,
Libya during September/2002 to September/2003.
Each urine sample was inculcated in duplicates
into blood agar, MacConky agar and Nutrient
agar at 37C° for 18h.
2-2- Media
Blood agar, MacConky agar, Nutrient agar
and Mueller Hinton agar (Difico) were used in
this study.
2-3- Biochemical diagnosis
The uncentrifuged urine specimens were
collected and 0.1 ml of each urine sample was
diluted into 1:100 and 1: 1000. Three replicas of
Blood agar, MacConky agar and Nutrient agar
were inoculated by 0.1 ml of the diluted urine.
The characteristic isolates were aseptically
isolated and characterized using established
microbiological methods that matched with
Berges classification including positive lactose
fermentation, negative indole test for Klebsiella
pneumonia and negative lactose fermentation,
negative indole test and positive urea test for
Proteus mirabilis (Powers, 1991; Holbery, 1989;
Cheesbrough, 2002).
2-4- Antibiotic susceptibility testing
All isolates of both bacteria were tested
against fourteen common-used antibiotics
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(Table1). The antibiotic susceptibility patterns of
Klebsiella pneumonia and Proteus mirabilis
isolates were determined by the modified KirbyBauer diffusion technique. The tests were
realized by diffusion method using Muller
Hilton agar while the antibacterial effect was
interpreted depending on the inhibition area
diameter. (Nicodim et al., 2009). Standardized
overnight culture of each isolate (containing 108
colony-forming units, CFU/ml) was used to
flood surface of Muller Hilton agar. The
standard antibiotic discs were then aseptically
placed at reasonable equidistance on the
inculcated plates and allowed to stand for 1h.
The plates (prepared in duplicates for
each isolate) were then incubated at 37C° for
18h. (Ehinmidu, 2003).
The diameter of the inhibition zone that
produced around each disc was measured and
recorded. The isolates were classified as resistant
if the inhibition zone was less than standard
resistance zone (SRZ) or as sensitive if more
than SRZ based on the standard interpretative
chart updated according to the current National
Committee for Clinical Laboratory Standards(
NCCLS) (Cheesbrough, 2002) and the inhibited
zone interpretative chart in accordance with
WHO requirements.
3- RESULTS AND DISCUSSION
From 236 patients who suffering from
urinary tract infection, urine specimens were
collected. Thirty two Klebsiella pneumonia
strains and 11 strains of Proteus mirabilis were
isolated. High percentage of urinary tract
infection was caused by Klebsiella pneumonia
(9.8%) whereas Proteus mirabilis cause 3.36%
infection. Both bacteria cause significant
pathogenic effect represented by different
infections to human urinary tract (Nicolee,
2001). These infections may lead to more
complicated cases with proportional increase of
the multi-antibiotic resistance (Li and Nikadio
2009). Another study showed that Escherichia
coli of stool born cause most of cases of urinary
tract infections (Bonnet, 2004), whereas
Klebsiella pneumonia causes most frequent
infection in the urinary tract due to its resistance
to many antibiotics (Cullp and Cully, 1998). The
results of this study showed that many strains of
Klebsiella pneumonia gave single-antibiotic
resistance for Cr and Ob, in all patients (100%)
and 97% for E, Car, Amp, and Aml (Table 2).
The resistance percentage reduced to 84% and
81% for Te and Do respectively. More gradual
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decrease in the antibiotic resistance was seen for
Amc and Sxt with 61% for each and 55%, 48%
and 39% for F, Ot and Na respectively. High
reduction in the antibiotic resistance was noticed
with Cn (6%) which means that the Cn has a
high impact on Klebsiella pneumonia strains.
Another study showed that Klebsiella spp. were
more resistant to ampicillin (83.5%) and
fosfomycin (56.7%) (kahlmeter, 2003).
Another study performed in 2009 by Shankar
et al revealed that both Klebsiella and Proteus
were less resistant (high sensitive) to many new
antibiotics. For Klebsiella isolates showed high
sensitivity to many recent manufactured
antibiotics with high percentage such as;
Gatifloxacin (86.3%), Cefaperazone+Sulbactam
(82.8%), Piperacillin+Tazobactam (77.4%),
Meropenem (72.4%) Amikacin (66.9%),
Azithromycin (60.4%). The same study on the
other hand also showed that Proteus isolates
were sensitive to Piperacillin+Tazobactam
(97.1%) Meropenem (82.9%), Ceftrioxone and
Ceftizoxime (64.6%), Gatifloxacin (62.9%),
Amikacin (55.8%), Azithromycin (47.8%).
These results lead to conclusion that Klebsiella
and Proteus isolates possess low potential
resistance against new generation of antibiotics.
Another study showed that Klebsiella
pneumonia revealed important therapeutic and
infectious problems in the last decade (Sarah,
2001). The highest antibiotic-resistance showed
with Klebsiella pneumonia (100%) give
significant and dangerous indicator about this
bacteria since the patients not only affected by
disease but also by taking useless antibiotics
(do not show any sensitivity to specific
bacteria) which cause considerable effect on
the normal flora in the gut thereby lead to
many pathogenic cases (Wenzel, 2000). Multiresistant patterns were shown by all strains of
both bacteria with 100%.
In this study Proteus mirabilis showed
gradual decrease of single-antibiotic resistance
started with 100% resistance for Cr, Ob, and E
then decreased to 91% for Amp, 82% for Car,
Te, Do, and Sxt, 73% for Amc and Aml, 45%
and 36% for F and Na respectively. The lower
antibiotic resistance was showed with Proteus
mirabilis to Cn (9%). Therefore Cn was the most
effective antibiotic on both bacteria. For
ampicillin and trimethoprim, previous study
showed that Proteus mirabilis were less resistant
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to ampicillin (16.1%) and more resistant to
trimethoprim (25.5%) (Kahlmeter, 2002).
Proteus mirabilis in present study gave only
one strain that is resistant to 12 antibiotics with
two frequencies (13.33%) for this multiresistance pattern which represents the
maximum number of resistant antibiotic. On the
other hand Klebsiella pneumonia strains showed
resistance to 8, 9, 10, 11and 12 antibiotics with
two frequencies for each (13.33%) and one
strain resistant to 13 antibiotics with 3
frequencies (20%) as a maximum number of
resistant antibiotics and the minimum number
was 8 antibiotics (Table 3). These results come
in agreement with recent study that investigated
the prevalence of different Proteus species and
their antibiotic resistance pattern and all the
species were resistant to chloramphenicol,
ampicillin and co-trimoxazole. About 72.9 % of
the isolates produced β-lactamase and 88.5 %
were resistant to more than 2 antibiotics. P.
penneri was the most resistant among the
recovered species. But on the other hand these
species were susceptible to amikacin and
gentamicin, and cephalosporins (Patrick et al.,
2010) whereas in this study Proteus mirabilis
was sensitive only to gentamicin and resistant to
amikacin and cephalosporins. This variation may
belong to species specificity.
4- Conclusion and recommendations
The gradual increase in antibiotic resistance
among urinary tract infections is becoming
an important aspect. This lead to sever medical
problems
such
as;
toxic
effect
of
these ineffective antibiotics on normal flora
and on different tissues
and this need
great effort to produce new effective and
inexpensive antibiotics against these multiresistant
strains in human urinary tract
such as; Piperacillin+Tazobactam, Meropenem,
Ceftrioxone and Ceftizoxime, Gatifloxacin, and
Azithromycin . Another seriouproblem is the
transferring of the genetic materials of multiresistant strains to other human pathogens there
by cause more complications. Concentrate
education is needed in our communities to use
the antibiotics more safely and under the
supervision of physicians. This study is therefore
a step towards the generation of national data on
the prevalence of antimicrobial resistant
pathogens in Iraq.
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Table (1): Standard resistance, Symbols and concentrations of antibiotics
Antibiotics

Symbols

Standard resistance/ mm

Concentrations/µg

Naldixic acid

Na

9

30

Nitrofurantoin

F

9

300

Oxytetracyclin

Ot

12

30

Cephaloridin

Cr

14

30

Deoxytetracyclin

Do

12

30

Cloxacillin

Ob

9

5

Suphamethoxazol

Sxt

10

25

Ampicillin

Amp

20

10

Augmenten

Amc

9

20

Amoxycillin

Aml

13

20

Tetracyclin

Te

14

30

Gentamycin

Cn

12

20

Carpencillin

Car

13

20

Erythromycin

E

13

20

Table (2): Percentage of single antibiotic resistant strains for Klebsiella pneumonia and Proteus mirabilis strains.
Bacteria

Percentage of single antibiotic resistance
Amp

Amc

Car

Te

Ot

Do

Sxt

Cn

Na

F

E

Ob

Cr

Aml

Klebsiella.
pneumonia

97

61

97

84

48

81

61

6

39

55

97

100

100

97

Proteus
mirabilis

91

73

82

82

64

82

82

9

36

45

100

100

100

73

Table (3): Multi-resistance pattern strains and their frequencies
Bacteria

Number of
resistant
Antibiotics

Frequency
and frequency(%)

Patterns of Multi-resistance strains
Amp

Aml

Amc

Car

Te

Ot

Do

Sxt

Cn

Na

F

E

Ob

Cr

P.mirabilis

12

2(13.33)

Amp

Aml

Amc

Car

Te

Ot

Do

Sxt

--

--

F

E

Ob

Cr

K.pneumonia

13

3(20)

Amp

Aml

Amc

Car

Te

Ot

Do

Sxt

--

Na

F

E

Ob

Cr

12

2(13.33)

Amp

Aml

Amc

Car

Te

Ot

Do

--

--

Na

F

E

Ob

Cr

11

2(13.33)

Amp

Aml

Amc

Car

Te

Ot

Do

Sxt

--

--

--

E

Ob

Cr

10

2(13.33)

Amp

Aml

-----

Car

Te

Ot

Do

--

--

--

F

E

Ob

Cr

9

2(13.33)

Amp

Aml

-----

Car

Te

--

Do

--

--

--

F

E

Ob

Cr

8

2(13.33)

Amp

Aml

Amc

Car

--

--

--

Sxt

--

--

--

E

Ob

Cr
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 وبكترياProteus mirabilis تاثير اربعة عشر مضاد حيوي على سالالت بكتريا
.المعزولتان من المجاري البولية لالنسان

الخالصة
في الحاالت الطبيعية تعتبر القناة البولية بيئة معقمة ومقاومة لنمو البكتريا بالرغم من التلوث المتكرر الذي يحصل عند
 من اكثر انواع البكتريا المعويةProteus mirabilis وKlebsiella pneumonia  تعتبر كل من بكتريا.مقدمة االحليل
 الظهور المتكرر للسالالت البكتيرية المقاومة للمضادات الحيوية سبب حاالت مرضية لالنسان.التي تصيب القناة البولية
 اجريت هذه الدراسة لتحديد انماط السالالت البكتيرية المتعددة والمنفردة المقاومة الثنين.خاصة في العقدين االخيرين
Proteus  ساللة لبكتريا11  عينة ادرار تم عزل632  من مجموع.من انواع البكتريا التي تصيب الفناة البولية باستمرار
 اظهرت. على التوالي% 8.9  و%3.3  وبنسب مرضية وصلتKlebsiella pneumonia  ساللة لبكتريا36 وmirabilis
 وCloxacillin ) ضد%111(  مقاومة منفردة تراوحت بين عالية جداKlebsiella pneumonia سالالت بكتريا
 فاعطت مقاومة منفردةProteus mirabilis  اما سالالت. Gentamycin ) ضد%2(  الى واطئة جداCephaloridin
 اضافة الظهارها مقاومة منفردة واطئةCephaloridin  وCloxacillin  وErythromycin ) ضد%111( عالية جدا
Proteus  اما على مستوى المقاومة المتعددة فقد اعطت. Naldixic acid  وNitrofurantoin ) ضد%32( وصلت
 اما بكتريا. )%13.33(  مضاد وبتكرارين13 ) تمثلت بساللة واحدة مقاومة ل%111(  مقاومة عالية جداmirabilis
و8  االولى تتضمن اربع سالالت مقاومة ل: سالالت تم تصنيفها الى مجموعتين2  فاعطتKlebsiella pneumonia
 مضاد حيوي13  والثانية تضم سالالتان مقاومتان ل.) لكل ساللة%13.33(  مضاد حيوي وبتكرارين16  و11  و11
 توصي الدراسة على ضرورة استخدام.)%61( ) واالخرى مكررة ثالث مرات%13.33( واحدة ظهرت بتكرارين
المضادات الحيوية المنتجة حديثا لعدم وجود مقاومة كبيرة لها من قبل البكتريا وتجنب استخدام المضادات الشائعة
االستخدام والمتولدة ضدها مقاومة بكتيرية عالية مع التاكيد على التوعية الثقافية لعامة المجتمع باستخدام المضادات
.الحيوية تحت اشراف الطبيب المختص
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ABSTRACT
Subsurface dams are among the small but valuable water harvesting projects. Twenty-four gravity measurements
and 22 Vertical Electrical Soundings were used in the Mirawa area for the purpose of defining a small area for
constructing a subsurface dam since some surface indications were observed encouraging such a work. Bouguer
anomalies across the Mirawa valley showed that a thickness of about 35m of fluvial deposits is likely to be filling the
valley. This thickness was agreed by the resistivity data that were arranged along four traverses. The average depth of
a clayey base, which was interpreted in all traverses, is about 25m below surface covered by mainly two layers of
porous and permeable layers. Three-dimensional diagram and a subsurface sketch for the geological and technical
situations are also given.
KEYWORDS: Geophysic, Gravity, Resistivity, Dams

INTRODUCTION

M

any parts of the world have suffered
drought conditions during the last
years, a term which is unspecific and relative
one. Iraq is one of those countries that suffered
drought since the ends of last century till last
year. There is no one acceptable definition of
drought, so one can separate the decline of
agricultural sectors as a result of shortage of
rainfall from those that occur as a result of
mismanaging available water resources and an
increase of the rural population (Baban, 1995).
Improving the storage potential can
effectively increase ground water availability in
small valleys; by construction of subsurface
dykes (cutoffs) with impervious material like
clay, bitumen, tar felt or polythene sheets
besides bricks and concrete. The structure need
not be thick or project above the surface. Ideal
sites are narrow valleys of 100 to 200 m. width
underlain by materials having good specific
yield. During post rain period even when the
river is dry, sub surface flow occurs which is
temporarily stored behind the barrier (Baban, op.
cit.). This results in maintaining higher water
levels in wells in the proximity of the streams for
a longer period and less rapid recession in levels
during post rain period.
The ﬁrst subsurface dam in Iraqi Kurdistan
Region was implemented as a pilot project in

Gali Basera near Dohuk City. Gali Basera was
selected because of its favorable geological
conditions, possible multipurpose function
(storing storm water and recharging the
contacted “Pila Spi” aquifer) and very low cost
of construction within the given context (US$
8,000). The construction was completed in 2
months (Stevanovic 2001 and 2009). ). The
construction was completed in 2 months. The
groundwater level measurements performed after
completion in the installed piezometers have
shown a longer period of water retention within
the upstream alluvium. During 2001, water
presence was continuously recorded in two
piezometers, while in the previous year, before
dam construction, the alluvium was completely
dry. In addition, vegetation and grass appeared
for the ﬁrst time in the riverbed, and remained
during late summer while the water pumping
rate from the shallow wells increased.
Geophysical surveys are good and effective
tools for the site investigation of different
engineering projects. They have been used for
civil engineering investigations since the late
1920’s when seismic and electrical resistivity
surveys were used for dam siting studies.
Geophysical surveys are now used in an almost
routine manner to complement engineering
geology investigations and to provide
information on site parameters such as depth to
bedrocks that in some instances are not
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obtainable by other methods. Nevertheless,
where some site parameters are obtainable by
other means (e.g., laboratory testing), the values
derived from geophysical surveys are still useful
for checking. Electrical methods come in the
second order after the seismic methods in such
studies.
Small pools of water were observed during
the authors fieldwork for other ourposes around
the study area during the dry summer seasons (in
July). This was used as an indication that an
impervious rock beds are present at some depths
that prevent infiltration. This phenomenon was
the first that drew the attention of the author to
carry out the study. Resistivity method is one of
the most effective methods to differentiate
impervious from pervious layers. It was used in
this study to do that. A gravity traverse was also

interpreted to show the major subsurface picture
of the whole valley. Both set of data were
originally collected during the year 2001.
LOCATION, MORPHOMETRY
AND HYDROLOGY
Mirawa valley is a small seasonal river
running NW-SE few kilometers east of
Shaqlawa town (some 40 km east of Erbil City).
It is situated between the Safin Anticline (Sorik
ridge, the northeastern limb) and the Khatibian
Anticline (called Mirawa in some literature)
along a narrow syncline. The latter anticline is
the northwestern extension of Shakrok Anticline
as noted by Omer, 2005. It is located few
kilometers to the northeast of Shaqlawa town
(Figs.1, 2 & 3 and Plate 1).

Fig. (1): A- Tectonic subdivision of northern Iraq showing the study area.
B- Topographic map of the surrounding area
C- Location of the VES points.

Hasan, 2001 gave detailed drainage patterns
for the valley, using aerial photographs (scale
1:40 000) and topographic maps (scale 1:20 000)
(Fig. 2). The following table is a summery of the
morphometric parameter analyses.
Hasan op.cit. used the morphometric
coefficients given in Table 1 to deduce that: The
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basin has a low value of relief ratio and
ruggedness,
lower values of permeability
relative to surrounding basins such as Shaqlawa
basin and high value of concentration time
relative to surrounding.
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Plate (1): Google image and a photo showing the area of study

Fig. (2): The basin of Mirawa showing the drainage pattern (Hasan, 2001)

The length of the main valley is about 20 km
(extending out of the figure 2), the total drainage
length of the part studied by Hassa, 2001 is
about 178 km whereas the basin area is about 63
km2.
The climate in the area of Mirawa belongs to
the Mediterranean climate and it is characterized
in general by two main seasons; dry and hot
season (4 months from June to September) and

rainy season (8 months from October to May).
Average precipitations in Harir area (few
kilometers east of the present study area) are as
in Table 2:
Hottest months are July and August (≈31oC)
while coldest month is January (≈4oC). The
maximum probable discharge is about 263
m3/sec (Hasan, 2001 and Al-Nabawy, 2002).
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Table 1: Some morphometric coefficients of Mirawa basin (Hasan, 2001)
Form factor

0.07

BR (2nd/3rd)

2.86

Shape factor

6.1

BR (3rd/4th)

22

th

th

Circularity ratio

0.46

BR (4 /5 )

1

Elongation ratio

0.46

BR (5th/6th)

2

Compactness Coefficient

1.63

Drainage density

2.82

Stream frequency

11.87

Ruggedness value

8.46

Relief ratio

0.015

Maximum probable discharge

272.7

Relative relief

6.55%

Concentration time

196.9 minute

Hypsometric integral

0.2

st

nd

BR (1 /2 )

4.55

Table 2: Average precipitation for the period 1951-2000 (Al-Nabawy, 2002)
Month

Precipitation (mm)

Month

Precipitation (mm)

October

30

April

83

November

79

May

36

December

96

June

-

January

103

July

-

February

94

August

-

March

115

September

MOTIVES OF THE DAM
CONSTRUCTION IN THIS SITE
The main task of such projects is to tackle the
problem of food shortage. The objective is to
construct an impermeable barrier across the
riverbed from the surface down to the bedrock.
The excavation of the alluvial deposits and
building of weirs is usually more effective than
other methods, e.g. grouting though in our case
the grouting might be one of the solutions
because of the relatively deep location of the
bedrock (about 30m as will be discussed later).
Wherever the bedrock or riverbanks are fully
impermeable, the beneﬁt of the dam is the
creation of a new subsurface reservoir in the
upstream zone. One of the important conditions
other than the adequate discharge, suitable
topography and presence of agricultural plains is
the suitable soil profile under the foundation of
the structure which is required to reveal the
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-

Summation: 635mm

depth of impermeable and soft layers. The
followings are the main motives that encouraged
the author to select the present site:
1. The construction activities are feasible.
2. A large town and many villages are present
around the site.
3. Accessibility.
4. The absence of similar projects in the area.
5. The presence of arable lands.
6. Availability of materials, equipments and
machineries.
In such projects the surface area can be used
in the same way before and after the
construction of the dam.
GEOLOGY OF THE AREA:
Structurally the Mirawa valley is running
almost along or parallel to the synclinal axis
between the Safin Anticline to the southwest and
the Khatibian Anticline and its southeast
Shakrok extension towards to the northeast. (Fig.
3). Two strike slip faults characterize the area.
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Fig. (3): Geological map of Mirawa area (Omer, 2005)

Stratigraphycally, the oldest rocks cropping
out in the area belong to the Bekhme Formation
(Late Cretaceous) (Fig. 3). This formation makes
up the core of the Safin and Shakrok Anticlines
and is composed of massive to bedded dolomitic
limestone. It is followed stratigraphically by the
Shiranish Formation (Late Cretaceous), which is
composed of marl and marly limestone and
occupies the limbs of the Anticlines. It is
followed by the clastic rocks of Kolosh and
Gercus Formations (Middle Paleocene &
Lowere Eocene). These are composed of
mudstone, shale, sandstone and marlstone. The
following Pila Spi Formation (Lower Eocene) is
composed of chalky dolomite. The formation is
well bedded and fractured (Jassim and Sissakian,
1978 and Doski, 2002). The Lower Fars (Fatha)
and Upper Fars (Injana) Formations follow the
Pila Spi Formation. The first one is composed of
alternating beds of mudstone, limestone, shale
and sometimes-thin layers of evaporate. The
second one is composed of alternating fractured
beds of sandstone and mudstone, which are less
competent than the former. The Upper Fars
Formation is less competent than the Lower Fars
Formation (Doski, op.cit.). Because of this last
character the present valley is mostly running
along the Upper Fars Formation with thick
layers of sandstone exposed here and there on
the sides of the valley. Tectonically the area is
located within the High-Folded zone of Buday
and Jassim, 1987 (Fig. 1A). Two sets of strike
slip faults trending in NE-SW direction were

distinguished by Omer, 2005 (Fig. 3) on limbs of
the syncline (i.e. both sides of the valley). Their
trace inside the valley were not found even by
aerial photographs.
GEOPHYSICAL ACTIVITIES
Gravity:
For the purpose of showing the general
subsurface picture of the study area, 24 gravity
measurements were used along the main road
from Shaqlawa town to Shakrok Anticline
(Adapted after Ghaib and Al-Dawoody, 2009)
(Fig. 4). Gravity data were corrected for Free
Air, Bouguer, Latitude and Terrain corrections.
The Bouguer anomaly profile is shown in
Figure-4. The maximum amplitude of the whole
anomaly is more than 8 mGals. This amount is
separated to be the residual anomaly that shows
the clear syncline between Safin and Mirawa
Anticlines. The estimated regional anomaly
shows a main gradient towards the northeast, as
it is the case of all other studies in the whole area
(Ghaib, 2001 and Al-Dawoody, 2004). A small
negative anomaly could be differentiated in the
site of the valley (Fig. 4). This can be related to
the fluvial deposit. It has amplitude of about 0.8
mGal. The densities of the Upper Fars
Formation and the recent deposits are given
by Aldawoody, (op.cit. and Al-Saigh and coworkers (1989) to be 2.25 gm/cm3 and 1.7
gm/cm3 respectively. The density contrast
then will be – 0.55 gm/cm3. Using the general
form of the Bouguer slab formula the thickness
of the deposits will be about 30m.
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Fig. (4): Bouguer Anomaly Profile Across the Mirawa Valley

Resistivity:
Resistivity measurements were taken for a
total of 22 points. These points were distributed
along four traverses (Fig. 1C). Terrameter
SAS300 was used to obtain resistivity data. The
range of inter-distance between points was 50100m. The maximum total Schlumberger
arrangement spread of electrodes (AB) at each
point was 280m. All lines were taken in the NESW direction (i.e. almost perpendicular to the
general strike) while the spreads were in the
NW-SE direction parallel to the general strike.
Field data were of good quality; some of them
are shown in Figure 5.
INTERPRETATION OF THE VERTICAL
ELECTRIC SOUNDING (VES) CURVES
It should be emphasized that the observed
resistivity value does not measure the true
resistivity value of any particular volume of
earth unless the material is homogeneous. For
nearly all materials an essential theoretical fact
to keep in mind is that resistivity decreases with
increasing water content and its salinity. This
principle leads to a conclusion that non-porous
materials will exhibit relatively high resistivity
values. Claystone on the other hand exhebit the
lower values (Ghaib, 2004).
The manual method was used depending upon
the Eberts technique of auxiliary graphs was used
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to interpret resistivity data. The resistivity and
depth of different types of lithology where
estimated. Their results were used to construct
four geo-electrical sections. These sections are
the vertical distribution of resistivities within a
particular volume of the earth. The section
consists of a sequence of uniform horizontal (or
slightly inclined) layers (horizons). The layer’s
true resistivity is noted on each one for each
VES sounding. After that several sections for
VES points which are located on a certain
traverse can be linked together to show a cross
sectional view of the traverse.
For each line in this study a geo-electric
section was constructed (Figs. 6 and 7). The
resistivity horizons were interpreted in view of
their values into their equivalent expected
lithology
Traverse 1 (Fig. 6): Three main horizons are
deduced. The lower is expected to be composed
of clayey materials. It has a depth ranging from
10 to 25m. below surface and resistivity values
ranging from 5 to 16 ohm.m. The overlying two
horizons are composed of porous materials
composed of a mixture of silt, sand and clay.
The upper horizon is likely containing some
gravels and havs a resistivity value in the range
35-500 ohm.m. The lower horizon on the other
hand has a resistivity range of 25-36 ohm.m.
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Fig. (5): Examples of sounding curves of traverse 1

The distance across the valley between VES
1 and VES2, though the data is not adequate,
shows the presence of an uncertain fault at
which the sandstone of the Upper Fars
Formation is cropping out.
Traverse 2 (Fig. 6): The same number of
horizons is present as in traverse 1. The bottom
clayey materials range in resistivity between 4

and 22 ohm.m. while the resistivity value of the
upper horizon ranges from 17 to 450 ohm.m. and
that of the middle one ranges from 32 to 520
ohm.m. These values of resistivity make the
lithology looking like the first traverse. The
upper porous horizons are thicker reaching more
than 50m in the northeastern part.

Fig. (6): Geo-electric sections along traverses T1 and T2
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Traverse 3 (Fig. 7): In this traverse two main
horizons could be differentiated. The resistivity
value of the lower clayey horizon ranges from 7
to 24 ohm.m. while it ranges from 10 to 440
ohm.m. in the upper horizon. The porous
materials represented by the upper horizon have
an average thickness of about 20m.
Traverse 4 (Fig. 7): Almost the same
scenario of traverse 3 is repeated in this one with
a resistivity range of 16-305 ohm.m. for the
upper horizon and 13-16 ohm.m. for the lower
clayey bottom.
A general increase in resistivity value is
noted in the upper horizons towards the valley
location, which is expected to be indicating the
increase in gravel and sand ratios due to the
successive floods.

Thickness of the porous materials from
traverses 2, 3 and 4 (since traverse 1 is relatively
far) were contoured (Fig. 8). The maximum
thickness in the area is shown in the northeastern
part decreasing towards the valley.
In addition, the same data of Traverses 2, 3
and 4 were used to construct a rough block
diagram to show the geological situation of the
surveyed area (Fig. 9). In this diagram an
attempt was made to show the location and
approximate size of a proposed cutoff wall. Such
walls have no failure risks like other dams as a
subsurface dam only blocks the groundwater that
was flowing earlier and any surplus water after
saturating the upstream sand freely flows
downstream, there will be practically no
additional load in the upstream of the subsurface
dam.

Fig. (7): Geo-electric sections along traverses T3 and T4.

In the case of conventional dams, the weight
of the water column in the reservoir is quite
high. As such, the risk of setting off small
quakes is much lower for subsurface dams than
conventional dams.
The proposed cutoff wall is approximately
200-250m in length and about 30m in height,
which is consistent with the thickness estimated
by gravity data. This size will block almost all
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the porous materials across the valley. Figure 10
represents a schematics diagram for the aquifer
situation showing how the water table could be
drained upward when the cutoff wall is built. It
is expected that shallow tube wells will be
adequate to pump enough water
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Fig. (8): Iso-thickness map of the area covered by T2, T3 and T4

Fig. (9): A combined diagram showing the whole situation

DISCUSSION
In dam construction, the actual depth to the
foundation and general situations is known at the
local area of investigation site (Fraser, 2001).
Hence the current investigation reflects strictly
the area under study and by no mean it should be
extend to cover other suitable sites along the
valley. Other suitable sites could be present

especially down valley towards northwest (Fig.
2).
The wall, which is drawn in figure 9, is only
provisional which should be modified and redesigned by engineers after more detailed
studies. Some directions of these studies are
given in the next section.
The cutoff wall, which is proposed, is
submerged to a level that will be the level of
water table (Fig. 10). However the wall could be
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designed in such a way to be projected above the
surface of the ground to even form a small lake
which could be of more benefits but submerging
some agricultural lands. When the dam is
constructed above ground level it is called

sandstorage dam (Irura, 2006). In this case sand
and soil particles will be transported and stored
in front of the dam while fine particles are
washed during the periods of high flows hence
more water will be stored.

Fig. (10): A sketch diagram showing a NW-SE section

RECOMMENDATIONS
The author recommends the following:
1- Carrying out 2D resistivity survey across the
valley in the present and other sites.
2- Analyzing satellite images and aerial
photographs covering the entire basin of the
valley.
3- Carrying out some drilling tests in the present
site to show the reliability of the results of the
present resistivity investigation.
4- Making a general survey for the existing
water wells along the valley to monitor the flow
mechanism of groundwater.
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ABSTRACT
In this paper we putted sufficient conditions for the existence and non-existence of positive periodic solutions for
polynomial first order differential equations with periodic coefficients. Some of these results generalize and extend
previous ones. The obtained results have direct application to planar vector field is the study of their limit cycles.
KEYWORDS: Non-existence, Periodic solutions, Scalar differential equation, Limit cycles, Planar polynomial vector field.

1.INTRODUCTION

I

n this paper we are going to deal with
scalar
non-autonomous
differential
equation of the first order with periodic
coefficients of the form
(1)
where
(t):R
is ω- continuous function. We say that a solution
x of (1)is a ω-periodic solution if it is defined in
the interval[0, ω]and x(0)=x(ω).An extensive
study of the maximum number of ω-periodic
solution of (1) was initiated in[14]and continued
in[15,18,13,20,17] .One of the most important
problem is to look for upper bounds on the
number of ω-periodic solutions for(1).This
problem is connected with the Hilbert’s 16th
problem for finding maximum number of limit
cycles(isolated periodic solution) in the plane
which can be reduced to the problem of finding
the maximum number of periodic solution
of(1)with special coefficients
(see[7,9,1]
for details).This leads to investigate the
maximum number of periodic solution of(1).For
equations of degree n=2 the Riccatti equation
and n=3 equation (1)is known as the Abel
equation the problem was considered by S.Smale
and Lins Neto(see[14]) .It is proved in[14]that in
general case there is no upper bound for this
number provided that n 3.It was shown that
in[15]there are exactly three periodic solutions
for
Abel
equation
when
=1.
Shahshanhani[18]also considered equations of
the form(1) and he has shown that when the
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functions
are analytic, then the number
of periodic solutions is finite. Gasull and Llibre
[11]studied Abel equation and proved that if
a2(t) does not change sign then (1) has at most
three periodic solutions. Alwash in[3]proved that
if n 3 and
the following
equation
=
,
has at most one positive periodic solution .
We say that a function f(t) has definite sign in
an interval I if f(t)
0 for every t
or
f(t) 0 for every t
and f(t)
.
Similarly we say that it changes sign at most
once in the interval if k=2 is the maximum such
that there exist
satisfying f( ) f(
) <0 for i=1,…,k-1.
It was proved that in[2,proposition2 .7] , the
equation
=
, has at most one non zero periodic solution if
either
and
does not change sign
and not identically zoro in[0, ω].The problem of
non existence of positive periodic solutions is
investigated in[6] where it is proved that there
exist coefficients
that can change sign
such that(1)has no positive periodic solutions
and obtained some families of planar vector field
without limit cycles.
We will say that a periodic solution of (1) is
hyperbolic if the Poincare map between t=0 and
t= ω has derivative different from zero at the
initial condition of the periodic solution. We also
say that equation(1)has a center at a given
periodic solution if there exist a neighborhood of
this solution where all the solutions are periodic.
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In section 2 we state and prove our
main results. Finally such results are applied to
bound the limit cycles of some family of planar
vector fields.
2.MAIN RESULTS
In this section ,we give some global results
about the number of periodic solutions and x=0
to be the only periodic solution for particular
cases of(1).
Theorem1 . Consider the equation
=
(2)
with n>m>1.If c(t)has mean value zero and
either
or
does not
change sign in [0, ω] ,then the equation has at
most one non-zero real ω-periodic solution.
Proof. We consider the change of variables
given by u=
. Equation(2) has the
form
=
(3)
where a(t)=

(t)

and b(t)=
. This change is well
defined for real periodic solutions and preserves
the number of real periodic solutions. Let
(t)
and
(t) be two real non-zero ω-periodic
solutions.
Since
for i=1,2.Then
(3)
Similarly
(4)
So from equations(3) and (4)we get the
following:
(5)
and
(6)
By the hypotheses

and
would be of one sign,
which is contradiction to (5) and (6).Hence (1)
has at most one real non-zero periodic solution. □
Remark.Theorem1 generalizes a similar result
proved in[2 ] for cubic equations and by another
approach to proof (see,proposition2.7in[2].
It is easy to derive the following corollary by
Theorem1.

Corollary2
.
Consider
the
equation
=
,
with n>m>0. If
either
or
does not
change sign in[0, ω],then the equation has at
most one non-zero real ω-periodic solution.
Theorem3. Consider the equation (1).
1.If one of the coefficients of (1)has mean value
zero and the others are not identically zero and
have the definite sign in[0, ω].Then x=0 is the
only periodic solution of(1).
2. If one of the coefficients of (1)has definite
sign in[0, ω] and the others have mean value
zero.Then x=0 is the only periodic solution of (1)
Proof.1.Clearly x(t)=0 for all t in R ,is always a
periodic solution of(1).Suppose that u=u(t) is a
non –zero periodic solution of (1) and there exist
i {1,…,n} such that (t) has mean value zero
and assume that (t)
for j=1,…,n
with
the inequality strict at some t [0, ω] and the
other case being analogous. Since
I
t

is

clear
By

hypothesis

,

that
the

hence
.

This is contradiction and the result follows. □
Remark.The proof of part 2 is similar to part 1.
Theorem4. Consider the equation(2).If either
and
does not change
sign in[0, ω] ,then the equation has at most two
positive ω-periodic solution.
Proof.First using the change of variables
x=
,u,x>0.The resulting equation is
=
(7)
.
Similarly by the change of variables x=
,u,x>0.The
resulting
equation
is
=
(8).
Since by the hypothesis the second derivative of
the right hand side of equations(7) and (8) with
respect to u do not change sign in[0, ω], hence
from
the result of[8 ,Theorem3.5]the
equation(2) has at most two positive ω-periodic
solution.□
Theorem5. Consider the equation (1).
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1.If there exist i {0,1,…,n} such that
t)+ (t) has definite sign and the others
t)+

(t)=0

for all

t

[0,

(ω(ω ]

for

j=0,1,…,n .Then x = 0 is the only ω-periodic
solution of(1).
2.If there exist i {0,1,…,n} such that
(ωt)+ (t)=0 and the others (ω - t)+ (t) has
definite

sign

for

all

t

[0,

]

Proof.1.Suppose that u=u(t) is a non –zero
periodic solution of (1) and
(ω- t)+ (t)
and (ω - t)+ (t)=0
[0,

] for j 0,1,…,n

.

Let v(t)=u(ω – t ).Differentiating and using the
hypothesis,
we
obtain
.Hence u(ω – t
)<u(t) for t>0.
This is contradiction if we take
and
the result follows.
For the second case
(ω- t)+ (t)
for
t [0, ]by the same argument to those used in
the proof of first case show that x=0 is the only
ω-periodic solution of(1). □
Remark..The proof is similar to part 1.
Next ,we include an extension of a results in[19].
Theorem6. Consider the equation (1).Let us
assume that
and one of the
coefficient (t) such that
(t)=
or
(t)=
for 0
Then there exist
>0 such that for all
0<
there exist at least an isolated
periodic solution of(1).
Proof. We consider the change of variables
given by x=
,u,x>0 . Equation(1) has the
form
=
(
9)
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Let v(t)=

,the resulting equation is

(10)
where f(t)=

or f(t)=1+

.

for

j=0,1,…,n .Then x=0 is the only ω-periodic
solution of(1).

t

where g(t)=
or g(t)=
.Since
periodic solutions of(1) is equivalent to a
periodic solutions of(9).

In both cases from Lemma3 in [19] there exist
>0 such that equation(10)has a periodic
solutions
0
.Hence
x(t)=
is a periodic solutions
of(1). □

Theorem7.Consider the differential equation
=

with
that

m>l

and

n

.Let us
and one

assume
of the

coefficient (t) such that
(t)=
(t)=
for 0
that the unique periodic solution of
+(l-m)
where f(t)=

or f(t)=1+

or
and
,

is a positive.

Then
there exist
>0 such that for all
0<
there exist at least one positive
isolated periodic solution of (11).
Proof.We

apply

the

transformation

x=
,u,x>0.
Equation(11) has the form
.
This change is well defined for positive periodic
solutions and preserves the number of positive
periodic solutions. Similar arguments to those
used in the proof of Theorem6, can be show that
there exist at least one positive isolated periodic
solution of (11). □
Proposition 8.Consider the equation(1).If
(t)does not change sign in[0, ω],then x= 0 is
an isolated
ω- periodic solution.
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Proof.By using the results of[16],equation(1)has
a finite number of ω- periodic solutions, hence
x= 0 is an isolated ω- periodic solution. □

For example the following systems
=

3.PLANAR VECTOR FIELD
In this section we apply the results of section
2 for studying the most important problem in the
qualitative theory of planar vector fields is the
study of their limit cycles.

and
=

Corollary9.Consider the vector field.
(4)

where a is a real parameter and
is a
homogenous polynomial of degree i and 0<m<n.
1.If either the function
or the function
does not change sign in[0 ,] ,then system has
at most two limit cycles.
2.If a=0 and either the function
or the
function
does not change sign in[0 ,],then
system has at most one limit cycles.
3.If
a
and
(a
and
) have the same definite and
(
). then system
has no limit cycles.
Proof.The system in polar coordinates becomes
Since every limit cycle of system(14)there
corresponds a positive
–periodic solution of
equation

has no limit cycles ,where a,d.e,f and g are
positive (negative)numbers because satisfies the
conditions of corollary 10(see also[12]).
Also the system

has at most one limit cycles by corollary2 .
We now study a new family of planar
vector fields which is more general family of
planar vector field in corollary9.Let us consider
the system
=
( 16)

where
is a homogenous
polynomial of degree i
Thus in polar
coordinates, system(16)becomes
(17)

Hence the first part follows by Theorem4.Also
the second part and the third part of Theorem
follows directly from Corollary2 and Theorem3
respectively. □
Since
if i odd
and j even or i even , j odd (15) hence from
Theorem3, we obtain the following result.
Corollary10 .The family of planar vector field
=

)
where

.
In
the
region
D=
)
.The
differential system(16) is equivalent to the
differential equation

where
is a homogenous polynomial
of degree m , m is odd and
or
for every j, then the system has no limit cycles.
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By using the transformation (r,

homogenous polynomial of degree i. Let as
assume the following conditions:
1.
)
where

,

defined by u=

2.

Then
.
By using equation(18),the system(17)becomes
(19)
where
Since
does not
change sign if i and j are odd numbers and using
equation(15) and limit cycles of system(17)
correspond to positive solutions of the (19)that
satisfy u(0)=u(
,hence the following result
follows from Theorems1,3and 4 .
Corollary11. Consider the vector field(16)
1. If n is odd and
,then
system(16) has no limit cycles.
2.If
and either
and
does
not change sign in
,then system(16) has at
most one limit cycle.
3. If either
and
does not change
sign in
,then system(16) has at most two
limit cycles.
As
a
[10,Theorem2.1],one has.

consequence

Corollary14. Let us consider the vector field
=

where
f(x,y)=
,
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m>l 1,

and

for
that
or
a
of
is

a positive ,
where f( )=

or f( )=1+

. Then

there exist
>0 such that system(20)has at least
one limit cycles for all 0<
.
Proof.The transformation to polar coordinates of
system(20 )gives:

Since

does not vanishes for any real

value of
, then the system(21)becomes the
ordinary differential equation

of

Proposition12The system(16) without linear
part has at most one hyperbolic limit cycle.
Corollary13.If
and there exist constant
k and a continuous function H such that f =
k
and
.Then the origin is a
center for system(16).
Proof.By
the
hypothesis
we
get
and
.From
Theorem7.1and coroolly7.2 in[7]the origin is a
center for the system.□.

with

3.If one of the coefficient
0
such
=
=
with
fixed continuous function. .
4.The
unique
periodic
solution

is

a

Now we apply the transformation
u,x>0.equation(21)becomes

r=

,

Then the statement follows directly from
Theorem7.□
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ثوختة
لةم تويَذينةوةدا ضةند مةرجيَكمان داناوة بؤ ئةوةي هاوكيَشةى جياكارى ثشت بةستوو بةكاتى ثلة يةكى
 ئةجنامةكانى ئةم تويَذينةوةية بريتى ية لة فراوان كردن و. هاوكؤلكةى خوالو شيكارة خوالوي هةبيَت يان نةبيَت
طشتاندنى هةنديَك ئةجنامى ثيَشوو وة ئةجنامةكانى بة دةست هاتوو ثراكتيكى رِاستةوخؤى هةية بؤ زانينى
.ئاماجنةخولةكانى سيستةمى ئارِاستة برِ لةرووتةخت

الخالصة

فى هذا البحث تم وضع الشروط الكافية الجل وجود و عدم وجود الحلول الدورية الموجبة للمعادالت التفاضلية

وان بعضا من هذه النتائج تم تعميمها و تطبقاتها. المعتمدة على الزمن من الرتبة االولى ذات المعامالت الدورية
. المباشرة على حقل متجه فى المستوى من اجل دراسة الدارات الغائية المتعلقة بها
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 GF(q) \{0}. A projective plane PG(2,q) is a 2dimentional projective space which consists of
q 2  q  1 points and q 2  q  1 lines and
every line contains q+1 points and every point
pass through q+1.If  1 is any prime in the
projective plane PG(2,q) , then an affine plane
AG(2,q) is a set of the points of projective plane
PG(2,q) without the points of a prime  1 [That

is AG(2,q) = PG(2,q)\  1 ].
A (k,n) –arc K in PG(2,q) is a set of k points
such that there is some n points but no n+1points
are collinear . A t – blocking set B in a projective
plane PG(2, q) is a set of points such that each
line in PG(2, q) contains at least t points of B
and some line contains exactly t points of B.
A t-blocking set is trivial when it contains a
line of PG(2,q). Specially If t=1, then B is called
blocking set. If t=2, then B is called 2- Blocking
set. A t – blocking set B is minimal or
irreducible when no proper subset of it is a t –
blocking set.
Definition 2.1[3]. Let  be the line in the
projective plane PG(2,q),then  is i-secant if
 contain i points of the blocking set B.
Definition 2.2[3]. Let f(x) = xn – an-1 xn-1  … 
a0 be any monic polynomial over GF(q) then it is
Companion Matrix, C(f) is given by
the n×n matrix:
0
0

.

C( f ) .
.

0
a
 0

1
0

0
a1

0
1

0
a2

.
.

.
.

.
.

.
.

.
.

.
.

0 
0 





1 
a n 1  nn

Theorem 2.3[2]. Let B be a t-blocking set and B
contain no trivial line then the number of the
points

of

B

is

at

least

tq  t q  1

[That is: B  tq  t q  1 ]
Theorem 2.4[4]. Let B be a blocking set of size
b in a projective plane PG(2,q), then :
1.
2.

trivial blocking set of size q  q  1 in the
projective plane PG(2,q), q square number.
Theorem 2.9[10]. Let B be a 3-blocking set in
PG(2,q) such that through each of its points there
are q  1 lines, containing at least
q 3
points of B .
Theorem 2.10[7]. Let B be a 2-blocking set in
PG(2,q),if q < 9, then B has at least 3q points.
Theorem 2.11[10].Let B a 3-bocking set in
PG(2,q), if q =5,7 or 9 , then B has at least 4q
points.
Theorem 2.12[14]. In PG(2,q), let B be a
minimal blocking set of size q +k, and suppose
there is a line  intersecting B in exactly k-1
points. Then there is a points O  B such that
every line joining O to a point of  \ B contains
two points of B. Hence k  (q  3) \ 2.
3. MAIN RESULTS:
The Lower Bounds of 8-Blocking Sets in the
Projective Plane of Square order.

In this section in the projective plane
PG(2, q),where q is a square order we find the
lower bound of 8 – blocking set when q > 64 or
q = 16. Then we improved the lower bound of 8
– blocking set when q 12 .
Theorem 3.1. Let B be a 8-blocking set in
PG(2,q), such that through each of its points
there

are

q  1 lines, containing at least

q  8 points of B and forming a dual Baer sub
line [A dual baer sub line is a set of

q  1points which is the intersection of a line

 ri  q  q  1 ,

with Baer sub plane that defines in 2.8], then:
1.
For
q>64,
B
has
at
least

 i ri  b (q  1) ,

2.

q 1

2

i 0
q 1

i 1

3.

where b : the number of the points of B.
ri : the total number of i-secant of B.
Theorem 2.5[5]. Let B be a minimal blocking
set in PG(2,q). If q=p is a prime then B 
(3p+1)/2. [Where B is the size of B].
Theorem 2.6[4]Let B a 2- blocking set in
PG(2,q), if q ≥90, q = p3, then B  2q+2p25p+2.
Theorem 2.7[4]. In a projective plane PG(2,q) ,a
(k, n)-arc and t-blocking sets are complement of
each other with t = q+1-n.
Definition 2.8[12]. A Baer sub plane is a non-

q 1

 i (i  1) ri  b (b  1) ,

8q  2 q  8 points.
For

q

=

16,

B

has

at

least

8q  q  10 =142 points.

i 2
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Proof: (1) Call the lines meeting B in q  8
or more points basic lines .If two basic lines
meet outside of B, then B has at
least: 2( q  8)  8(q  1)  8q  2 q  8 poin
ts and the desired bound is obtained . So assume
that two basic line meet in B. Take  , a basic
line and P a point of B not on  . Then the basic
line through P contain a dual Baer sub line meet
 in a Baer sub line. Let Q be a point on this
Baer sub line . Consider basic lines through a
point on a 5-secant to Q these meet  in a
another Baer sub line not containing Q. Two
Baer sub lines meet in at most two points and so

 has at least

2 q points. Since  was

arbitrary, every basic line has at least
2 q points and it follow that B has at least
1  ( q  1)(2 q  1)  7(q  q )  9q  6 q , an

d

9q  6 q  8q  2 q  8 for q  64 ,so

since

B  8q  2 q  8 .□

Proof: (2) If two long lines meet outside of B ,
then B has at least
2 ( q  8)  8(q  1)  8q  2 q  8

points. Let P  B , since there are
lines
through
P.
B
has

q  1 long
at

least

( q  1)( q  7)  1  7(q  1  ( q  1)) 
8q  q  8 points. Now if

q=16, B 140 ,
then ( k,9)-arc has 133 points and this is
impossible by the table of the lower bound of (k,
n) – arcs in [9].
If B  8q  q  9 then k = 132, it is
impossible.
B  8q 

Since

k



131,

hence

q  10 .□

Corollary 3.2. There exists (k,9) – arc in
PG(2, 16) ,where k
.
Proof. Finding a maximum ( k, 9) –arc is
equivalent to finding the minimum 8- blocking
sets by considering complements. From theorem
3.1, the lower bound of 8-blocking set is
8 q + 2
So B must have at least 144
points and since n = q +1-t [4] , then (k, 9) –arc
have at most 129 points .

The next theorem is an improvement to
the lower bound of 8-blocking set in PG(2,q)
when q 12 .
Theorem 3.3. Let B be a 8-blocking set in
PG(2,q), having through every point at least
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q  1 lines,

containing at least q  8 points
of B and forming a dual Baer sub line. Then B
has at least 8q  3 q  8 points.
Proof. Call the lines meeting B in q  8 or
more points long lines. Take 24 points of B, all
lying on a long line  . there are at least
24 q ( q  7) points of B\  lying on the long
lines through these 24 points. Since B\  has
more than 8q  2 q points .There exist more
than
24 q ( q  7)  3(8q  2 q )  162 q
points on 4 or more of the long lines through
these 24 points counting with multiplicity .Let Pi
be a point of B\  joined to at least four of these
24 points of  by long lines . Let Si be the points
of  at which the long lines through Pi meet  .
The set Si has at most q  7 points otherwise Pi
lies on at least

q  3 long lines and B has at

1+( q +3)( q +7) + 7 (q- q -2) =

least

8q+3 q +8 points also Si contains a Baer sub
line bi by hypothesis. Since there exist

162 q points of B\  [B\  is the set of all points
of B without points of the line  ] meeting at
least

4

of

the

162

points

there

exist

162 q points the corresponding bi of which
meet at least three of the 24 points. There are
2024 different sets of three points among these
24 points and so there are points P1 and P2
corresponding b1 and b2 of which meet in at least
three points. Since two Baer sub line meeting at
least two points b1 and b2are the same. If three
long lines meet in a point outside of B, then B
has
at
least
3( q  8)  8(q  2)  8q  3 q  8. So at
most two long lines meet in a point outside of B.
This implies that the long lines through P1 and
P2 meet  in at most one point outside of B and
that point lies on the long line joining P1 and P2
. Let S be the set of points of   B at which b1
= b2 meet   B then S has
q or
points .We shall now prove that  has
at least q  10 points.
Assume, firstly that it has less than

q  10 points. Let T be the set of points in
B\  that lie on a non-long line meeting S. By
considering the points on non – long lines
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through a point of S, it follows that there are at
least 7(q  q  1) points in T.
Suppose that  has exactly q  8 points of
B. the long lines through a point of T can meet at
most two points of S and so at most seven points
of   B. This follows from the fact that two
different Baer sub lines meet in at most two
points. Let n be maximal such that n points of T
are collinear. Each point of B lies on at least
long lines and so each point of T has at
least

q  9 long lines meeting  \B. There are

q  1  ( q  8) points

n( q  9)  q 

n  q  9 for

in

 \B

and

so

q  7 , which implies that

q  42 .

Now , since every point of T has at least
q  9 long lines meeting  outside B and at
most q  9 of them are collinear , it follow that
7(q  q  1)

q 9
q 9

point

 q  q  7  q  q 1

q  2 of these long lines meet in a
then,

B  1  ( q  2)( q  8)  7(q  q  1) 
8q  3 q  10.

0 1 0 


T = 0 0 1 , which is cyclic protectively


1 0 2 
on PG(2,3). The number of points in the
PG(2,3) are 13 points and the number of lines
are 13 lines and every line passes throw 4 points.
Let P0 be the point U 0  (1,0,0) , where i=
0,…, 12 are the 13 points of PG(2,3) , the 13
points Pi are given by the following table.
Table(1): The points of PG(2,3)
i

for q 12 , since  was arbitrary , every
long line contains at least q  9 points of B
.Now if

Let f(x) = x3- 2x2- 1, be a monic polynomial
over GF(3) [By moinc polynomial , we mean a
polynomial in which coefficient of highest
degree term is one] , then companion matrix of
f(x) by the definition 2.2 is :

Pi

i

Pi

0

(1,0,0)

7

(1,0,1)

1

(0,1,0)

8

(1,1,2)

2

(0,0,1)

9

(1,2,1)

3

(1,0,2)

10

(1,1,1)

4

(1,2,2)

11

(1,1,0)

5

(1,2,0)

12

(0,1,1)

6

(0,1,2)

.

So, assume that every point of B lies on
exactly
long lines. Let  be a line
meeting exactly q  9 points of B. Define S, T
and n as before. n( q  9)  q  q  7 as
before,
q 9
7(q  q  1)
 q  q  8  q  q  1 ,for
q 9

q 12 , since  was arbitrary , it has shown
that every long line has at least q  10 points .
By counting the points of B on lines through a
point
of
B.
It
follow
that

B  1  ( q  1)( q  9)  7(q  q )  8q  3 q  10

, which is contradiction so B has at least
8q  3 q  8 points.
4. MINIMAL BLOCKING SETS OF SIZE 6
IN PG(2,3).
In this section we classify the minimal
blocking sets of size 6 in PG(2, 3).

Let  1 be the line which contains 4 points of
the points of PG(2,3), then  i   1 .T i 1 [13],
i=1, . . .,13 are the lines of PG(2,3) , then the 13
lines  i are given by the following table:
Table(2): The lines of PG(2, 3)
Lines

Points

L1

0

1

5

11

L2

1

1

6

11

L3

1

3

7

0

L4

3

4

8

1

L5

4

5

9

1

L6

5

6

10

3

L7

6

7

11

4

L8

7

8

11

5

L9

8

9

0

6

L10

9

10

1

7

L11

10

11

1

8

L12

11

11

3

9

L13

11

0

4

10

4.1. The projective plane PG(2,3)
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Theorem 4.2.Any point of B lies on at least one
tangent
Proof . Let P  B and let  be a tangent line to
B at P. Consider PG(2,3)\  and call this
AG(2,3). Then a set B\L of size 5 remains .A
minimal blocking set in AG(2,3) contains at
least 5 points[1]. This means that we get a
blocking set in AG(2,3). The external lines to B\
 in AG(2,3) are the tangents to B at P , different
from  . Hence P lies on at least one tangent to
B.
Lemma 4.3. Let B have at most three points on
a line . Let the number of 1-,2-, and 3- secants be
denoted by a , b , c, respectively. Then these
numbers are a = 6 , b= 3, c = 4 .
Proof. The standard counting arguments give:
a + b + c =13
. . . (1)
a + 2b +3c = 24
. . . (2)
2b + 6c = 30
. . . (3)
From these equations we can deduce that:
a=6, b= 3 , c = 4.
Theorem 4.4. There is minimal blocking set of
size 6 in PG(2,3), having 3-secant.
Proof. Let (x, y, z) denote the coordinates of a
projective point . Let  be a 2-secant to B, let
 be the line at infinity of the corresponding
affine plane, and let  \B={ P1 , P2 }. By theorem
2.12, there is an affine point O  B for which
the lines OPi , i=1,2 are bisecants. These lines
contain four affine points of B. Select the
reference system in the following way let
P1  (0,1,0) , P2  (1,0,0) . Consider now the
affine plane PG(2,3)\  . Let B  B \ . Then
two points of B  lie on x=0, two on y=0. Since
these are the lines OPi , i=1,2. So if we choose
the points (0,1,1) and (0,1,2) from the line x= 0 ,
and the points ( 1,0,1) and (1,0,2) from the line
y=0, with the points of (1,1,0) and (1,2,0) ,we
have the minimal blocking set of size 6 in
PG(2,3).
Lemma 4.5. Let  1 be a 3-secant to B and  2 ,
be a 2-secant to B ,then  1   2 , in a point in B.
Proof. Assume  1   2 ={P}, and P  B, then

B  3  2  2  7, which contradiction to the
size of B.
Lemma 4.6. Every two 3-secants to B are
intersected in a point of B .
Proof. If two 3-secants intersect in P  B, then

B  2 * 3  2  8, which is contradiction to the
size of B.
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5. MINIMAL BLOCKING SETS OF SIZE 8 IN
PG(2,4).

In this section we classify the minimal blocking
sets of size 8 in PG(2,4).
5.1. The Projective Plane of PG(2,4)
Let f(x) = x3- x2- x –w2, be a monic
polynomial over GF(4) , then companion matrix

0 1 0 


T = 0 0 1  is cyclic
 w 2 1 1



of f(x) is :

protectively on PG(2,4) . The number of points
in the PG(2,4) are 21 points and the number of
lines are 21 lines and every line passes throw 5
points. Let P0 be the point U 0  (1,0,0) , where
i= 0,…, 20 are the 21 points of PG(2,4) , the 21
points Pi are given by the following table.
Table(3). The points of PG(2,4)
i

Pi

i

Pi

0

(1,0,0)

7

(1,0,1)

14

i

(1,1,0)

1

(0,1,0)

8

(1,0,w)

15

(0,1,1)

2

(0,0,1)

9

(1, w2,w)

16

(1,w,0)

2

Pi

3

(1,w,w)

10

(1, w ,1)

17

(0,1,w)

4

(1,w2,0)

11

(1,0, w2)

18

(1,w, w2)

5

2

12

(1,1,w)

19

(1,1, w2)

20

(1,1,1)

6

(0,1, w )
(1,w,1)

13

2

2

(1, w , w )

Let  1 be the line which contains 5 points of
the points of PG(2,4),then  i   1 .T i 1 [13],i=1,.
., 21, are the lines of PG(2,4) , then the 21 lines
 i are given by the following table:
Table(4): The lines of PG(2,4)
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Lines

Points

(0,0)

(0,1)

(0,w)

(0,w2)

L1

0

1

4

14

16

(1,0)

(1,1)

(1,w)

(1, w2)

L2

1

1

5

15

17

(w,0)

(w,1)

(w, w)

(w, w2)

L3

1

3

6

16

18

2

2

2

(w2, w2)

L4

3

4

7

17

19

L5

4

5

8

18

10

L6

5

6

9

19

0

L7

6

7

10

10

1

L8

7

8

11

0

1

L9

8

9

11

1

3

L10

9

10

13

1

4

L11

10

11

14

3

5

L12

11

11

15

4

6

L13

11

13

16

5

7

L14

13

14

17

6

8

L15

14

15

18

7

9

L16

15

16

19

8

10

L17

16

17

10

9

11

L18

17

18

0

10

11

L19

18

19

1

11

13

L20

19

10

1

11

14

L21

10

0

3

13

15

Theorem 5.2. There is minimal blocking set of
size 8 in PG(2,4), having 3-secant.
Proof. Let (x, y, z) denote the coordinates of a
projective point . Let  be a 3-secant to B, let 
be the line at infinity of the corresponding affine
plane, and let  \B = { P1 , P2 }. By theorem 2.12,
there is an affine point O  B for which the
lines Opi , i=1,2, are bisecants. These lines
contain four affine points of B. Let U be the
remaining affine points. Since the points Pi only
lie on one 2-secant and three tangents , the lines
UPi are tangents for i=1,2. Furthermore the line

OU is a line passing through a point of

B   .We select the reference system in the
following
way
let
P1  (0,1,0) , P2  (1,0,0) . Since no three of

{P1 , P 2 , O,U } are collinear we can assume that
U =(1,1,1) and O = (0,0,1) .We consider now
the
affine
plane
PG(2,4)\  .
Let
B  B \ (  {U }. Then two points of B lie on
x =0, two on y=0, since these are the lines OPi ,
i=1,2. Moreover on every horizontal line y = k ,
vertical line x=k, there is one point of B. In
particular on the lines x=1, y=1, y=x which all
pass through U , there are no points of B  , this
cancels already a lot of points of AG(2,4).

(w ,0)

(w ,1)

(w ,w)

On the line x=0 , the remaining two points
which are not belonging to any line through U
are (0,w) and (0, w2). Also we need to select two
points on the line y =0 to be in B  and these
points are (w, 0) and (w2,0). of B  . By identify
the projective points (x ,y) with (x,y,1) we get
the following points {(w,0,1), (w2,0,1), (0,w,1),
(0, w2,1), (1,1,1)}, take these points with the
points from B   :{(1,1,0), (1,w,0), (1 w2,0)},
we get the minimal blocking sets of size eight in
PG(2,4).
Lemma5.3. If B has no 4-secant , then B has at
least one secant with at least three points.
Proof. Suppose there are only 1-,2-secants, let
the number of them be denoted by a, b. Then the
following equations must hold by standard
counting arguments.
a+ b = 21 …(1)
a+2b= 40 …(2)
2b=56 …(3)
From equation (3), we get b = 28 which is
impossible.
Lemma 5.4. If B has no 3-secant, then B has at
least one 4-secant.
Proof. Suppose there are only 1-,2-, and 4secants, let the number of them be denoted by a
,b, d respectively. Then the following equations
must hold by standard counting arguments.
a+ b +d= 21 …(1)
a+2b+4d = 40 …(2)
2b +12d =56 …(3)
From equation (3), we get d = 3.This means
that if B has no 3-secant then by proof of this
theorem we get three 4-secants.
Lemma 5.5. Every two 3-secants to B are
intersected in a point on B .
Proof. If two 3-secants intersect in P  B, then

B  2 * 3  3 *1  9, which is contradiction to
the size of B.
Lemma 5.6. There are at most three 3-secants
through any point of B.
Proof. By lemma 5.5.every two 3-secants to B
are intersected in a point on B. Now assume
there are four 3-secants through a point P  B,
then B  4 * 2  1  9, and that is impossible.
So through every point of B , there are at most
three 3-secants.
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Lemma 5.7. Every two 4- secants to B are
intersected in a point in B.
Proof. If two 4-secants intersect in P  B, then

B  2 * 4  3  11, which is contradiction to the
size of B.
Lemma 5.8. There are at most two 4-secants
through any point of B.
Proof. By lemma 5.7.every two 4-secants to B
intersect in a point on B. Now assume there are
three 4-secants through a point P  B, then

B  3 * 3  1  10, and that is impossible. So
through every point of B , there are at most two
4-secants.
Theorem 5.9. Let B have at most four points on
a line . Let the number of 1-,2-,3- and 4- secants
be denoted by a , b , c, d, respectively. Then
these numbers satisfy one of the following
possibilities:
a

b

c

d

Possibilities

8

10

0

3

(i)

9

7

3

2

(ii)

10

4

6

1

(iii)

11

1

9

0

(iv)

Proof. The standard counting arguments give:
a + b + c + d =21
. . . (1)
a + 2b +3c + 4d = 40 . . . (2)
2b + 6c + 12 d = 56 . . . (3)
From these equations we can deduce that :
a = 11 – d;
b = 1+ 3d;
c = 9 -3d;
Since c ≥ 0 , we get 0  d  3 .
Theorem 5.10. The first solution ( 18, 10, 0, 3)
and fourth solution (11, 1, 9, 0) of the theorem
5.9 do not exists.
Proof. i let B have the solution ( 18, 10, 0, 3),
and assume
be the three 4-secants of B
, if
that

= {P}, then P must be in B, and
contradicts Lemma 4.8. Now if
are triangular, so
and that is

impossible. So solution ( 18, 10, 0, 3) does not
exist.
Proof ii. let B have the solution (11, 1, 9, 0)
,since c ≥ 0, let  be a 3-secant.Now any two 3secants must be intersect in a point of B by
lemma 5.5, and On every P  B there are at most
three 3-secants passing through P by lemma 5.6.
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Now since c=9 then the remaining eight 3secants pass through the three points of   B ,
so we have a point of   B with at least four 3secants, and that is impossible. Hence (11, 1, 9,
0) does not exist.
Lemma 5.11. Let  1 be a 4-secant to B and  2 ,
be a 3-secant to B then  1   2 , in a point in B.
Proof. Assume  1   2 ={P}, and P  B, then
which contradiction to the
size of B.
Lemma 5.12. Let  be a 4-secant to B , then
through any point of   B , there is at most two
3-secant.
Proof. Let P be a point of   B , and assume
there are three 3-secants through P, then
which contradicts the size of
B.
Theorem 5.13. Any point of B lies on at least
one tangent
Proof. Let P  B and let  be a tangent line to
B at P. Consider PG(2,4)\  and call this
AG(2,4). Then a set B\  of size 7 remains .A
minimal blocking set in AG(2,4) contains at
least 7 points[1] . This means that we get a
blocking set in AG(2,4). The external lines to B\
 in AG(2,4) are the tangents to B at P , different
from  .
6. MINIMAL BLOCKING SETS OF SIZE 10
IN PG(2,5)
In this section we classify minimal blocking
sets of size 10 in PG(2, 5).
6.1. The Projective Plane of PG(2,5)
Let f(x) = x3- x2–1, be a monic polynomial
over GF(5) , then companion matrix of f(x) is :
T=

is cyclic protectively on PG(2,5) .

The number of points in the PG(2,5) are 31
points and the number of lines are 31 lines and
every line passes throw 6 points. Let P0 be the
point U 0  (1,0,0) , where i= 0,…, 30 are the 31
points of PG(2,5) , the 31 points Pi are given by
the following table.
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Theorem 6.2. Any point of B lies on at least one
tangent
Proof . Let P  B and let  be a tangent line to
B at P. Consider PG(2,5)\  and call this
AG(2,5). Then a set B\  of size 9 remains. A
minimal blocking set in AG(2,5) contains at
least 9 points [1]. This means that we get a
blocking set in AG(2,5). The external lines to B\
 in AG(2,5) are the tangents to B at P , different
from  . Hence P lies on at least one tangent to
B.
Theorem6.3. Let B have at most five points on a
line . Let the number of 1-,2-,3-,4- and 5secants be denoted by a , b , c, d, e, respectively.
Then these numbers satisfy one of the following
possibilities :
a

b

c

d

e

Possibilities

11

16

1

1

2

(i)

12

13

4

0

2

(ii)

12

14

1

3

1

(iii)

13

11

4

2

1

(iv)

14

8

7

1

1

(v)

15

5

10

0

1

(vi)

Proof. The standard counting arguments give:
a + b + c + d +e = 31
. . . (1)
a + 2b +3c + 4d +5e = 60 . . . (2)
2b + 6c + 12 d+20e = 90 . . . (3)
From these equations we can deduce that:
c= -3b -6a +115;
d= 8a +3b -135;
e= -3a –b +51;
Since d ≥ 0 , we get e  2.
Theorem 6.4. There is minimal blocking set of
size 10 in PG(2,5), having 4-secant.
Proof. Let (x, y, z) denote the coordinates of a
projective point . Let  be a 4-secant to B, let 
be the line at infinity of the corresponding affine
plane, and let  \B = { P1 , P2 }. By theorem 2.12,
there is an affine point O  B for which the
lines Opi , i=1,2, are bisecants. These lines
contain four affine points of B. Let U 1 ,U 2 be
the remaining affine points. Since the points
Pi only lie on two 2-secant and four tangents ,
the

lines

UPi are

tangents

for

i=1,2.

Furthermore the line OU1 is a line passing
through a point of B   .We select the
reference system in the following way let
P1  (0,1,0) , P2  (1,0,0) . Since no three of
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{P1 , P 2 , O,U1} are collinear we can assume that
U 1 =(1,1,1) and O = (0,0,1) , We consider now
the
affine
plane
PG(2,5)\  .
Let

B  B \ (  {U1 ,U 2 }. Then two points of
B  lie on x =0, two on y=0, since these are the
lines OPi , i=1,2. Moreover on every horizontal
line y = k , vertical line x=k, there is one point of
B. In particular on the lines x=1, y=1, y=x which
all pass through U 1 , there are no points of B  ,
this cancels already a lot of points of AG(2,5).
(0,0)

(0,1)

(0,2)

(0,3)

(0,4)

(1,0)

(1,1)

(1,2)

(1, 3)

(1,4)

(2,0)

(2,1)

(2, 2)

(2, 3)

(2,4)

(3,0)

(3,1)

(3,2)

(3, 3)

(3,4)

On the line x=0 , the remaining two points
which are not belonging to any line through U 1
are (0,3) and (0, 2).[These two points are not
canceled because if we identify them with
Cartesian coordinates(x,y,z), we get the points
(0,1,3) and (0,1,2) which are exists in the set
below], Also we need to select two points on the
line y=0 to be in B  and these points are (2, 0)
and (4,0). of B  . By identify the projective
points (x ,y) with (x,y,1) we get the following
points {(1,0,3),(1,0,4),(0,1,3), (0,1,2), (1,1,1)},
take these points with the point U 2 = (1,3,2) and
the four points of B   ={(1,1,0), (1,2,0), (1
3,0), (1,4,0)}, we get the minimal blocking sets
of size 10 in PG(2,5).
Lemma6.5. Every minimal blocking set of size
10 in PG(2, 5) has at least four points on a line.
Proof. Suppose there are only 1-,2-, and 3secants, denoted by a ,b, c respectively. Then
the following equations must hold by standard
counting arguments.
a+ b +c= 31 …(1)
a+2b+3c = 60 …(2)
2b +6c =90 …(3)
From these equations we get b = -3 which is
impossible.
Lemma 6.6. Every two 5-secants to B are
intersected in a point of B .
Proof. If two 5-secants does not intersect in a
point of B ,then B  2 * 5  4 *1  14, which is
contradicts the size of B.
Lemma 6.7. There are at most two 5-secants
through any point of B.
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Proof. By lemma 6.6.every two 5-secants to B
are intersected in a point on B. Now assume
there are three 5-secants through a point P  B,

Proof. Assume  1   2 ={P}, and P  B, then

then B  3 * 4  1  13, and that is impossible.

size of B.
Lemma 6.14. Let  be a 5-secant to B , then
through any point of   B , there is at most one
4-secant.
Proof. Let P be a point of   B , and assume
there are four 4-secants through P, then
B  5  2 * 3  11, which contradicts the size

So through every point of B , there are at most
two 5-secants.
Lemma 6.8. Every two 4-secants to B are
intersected in a point of B .
Proof. If two 4-secants intersect in P  B, then

B  2 * 4  3  11, which is contradiction to the
size of B.
Lemma 6.9. There are at most three 4-secants
through any point of B.
Proof. By lemma 6.8.every two 4-secants to B
are intersected in a point on B. Now assume
there are four 4-secants through a point P  B,
then B  4 * 3  1  13, and that is impossible.
So through every point of B , there are at most
three 4-secants.
Lemma 6.10.There are no minimal blocking sets
of size 10 with 4-secant but no 3-secant.
Proof. Suppose there are only 1-,2-, and 4secants, let the number of them be denoted by a
,b, d respectively. Then the following equations
must hold by standard counting arguments.
a+b +d= 31
…(1)
a+2b+4d = 60 …(2)
2b +12d =90 …(3)
From these equations we get 3d = 16 which is
not possible for 3 does not divide 16.
Lemma 6.11. If B has no 2-secant, then B has at
least one 4-secant.
Proof. Suppose there are only 1-,3-, and 4secants, let the number of them be denoted by a
,c, d respectively. Then the following equations
must hold by standard counting arguments.
a+c +d= 31 …(1)
a+3c+4d = 60 …(2)
6c +12d =90 …(3)
From these equations we get d=1.
Lemma 6.12. Let  1 be a 5-secant to B and  2 ,
be a 4-secant to B then  1   2 , in a point in B.
Proof. Assume  1   2 ={P}, and P  B, then

B  5  4  4  13, which contradicts the size
of B.
Lemma 6.13. Let

 1 be a 4-secant to B and  2 ,

B  4  4  4  12, which contradiction to the

of B.
Lemma 6.15. Let  be a 4-secant to B , then
through any point of   B , there is at most
three 3-secant.
Proof. Let P be a point of   B , and assume
there are four 3-secants through P, then
B  4  2 * 4  12, which contradicts the size
of B.
Theorem 6.16. Let B have at most four points
on a line . Let the number of 1-,2-,3-,and 4secants be denoted by a , b , c, d, respectively.
Then these numbers satisfy one of the following
possibilities :
a

B

c

D

Possibilities

13

12

1

5

(i)

14

9

4

4

(ii)

15

6

7

3

(iii)

16

3

10

2

(iv)

17

0

13

1

(v)

Proof. The standard counting arguments give:
a + b + c + d =31
. . . (1)
a + 2b +3c + 4d = 60 . . . (2)
2b + 6c + 12 d = 90 . . . (3)
From these equations we can deduce that:
a = 18 – d;
b = -3+ 3d;
c = 16 -3d;
Since c ≥ 0 , we get d  5 .
Theorem 6.17. The solution (17, 0, 13, 1) of the
theorem 6.15 does not exist.
Proof. Let  be a 4-secant to B. Since there are
three 3-secants, and since every 3-secant
intersect  in a point in B by lemma 6.13, so we
have a point P in B through which pass at least
four 3-secants, and that contradicts to lemma
6.13.

be a 3-secant to B then  1   2 , in a point in B.
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ABSTRACT
In this paper, we study the existence and uniqueness solution for a class of Integro – Fractional Differential
Equation of order ;   2,3 . By means of Banach and Schaefer’s fixed point theorems.
KEYWORDS: Fractional Integro-Differential Equation, Caputo Fractional Derivative, Schaefer’s Fixed Point Theorem.

INTRODUCTION

1.

F

ractional calculus has played a
significant role in engineering , science,
economy, and other fields. Many papers and
books on fractional calculus, fractional
differential equations have appeared recently,
(see e.g. [3], [7], [9], [10], [11]and [12])
fractional derivatives become apparent in
modeling.
In this paper , we discuss the existence and
uniqueness solution of the Integro- Fractional
Differential equations involving Caputo’s
derivatives
x

D y( x)  f ( x, y( x))   g ( x, t, y(t )) dt

c 

x  0, d  , 2    3 (1)

0

With

boundary

y(0)  y0 ,
c

Where D



conditions

y (0)  y0* ,
is

the

y (d )  y d
Caputo

(2)

fractional

derivative, f : J  R  R and
g : J  J  R  R are
continuous functions. As far as we known, there
are few papers which deal with the boundary value problem for nonlinear integro- fractional
differential equations.
2. PRELIMINARIES
In this section, we present some definitions
and lemmas which are needed in various places
in this work. For references (see e.g. [1], [4], [5],
and [8])
Definition 2.1
Let f be a function which is defined almost
everywhere (a.e) on [a,b] .for   0 ,we define
b

I

a

f D
b
a



f 

1

b

  a

b  t 

 1

f t dt

Provided that this integral (lebsegue) exists,
where  is gamma function.
Definition 2.2
If   R and f t
is defined (a.e)
on a  t  b , we define
f  (t )at D f  at I  f , for all t  a, b , provided



that at D  f exists.
Definition 2.3
For a function f defined on the interval [a,b],
the  th Caputo fractional derivative of f is
defined by
t
a

t

D* f t  

1
t  s n 1 f n  s ds

n    a
where n= [ ] +1 and [ ] denotes the integer

part of  .
Lemma 2.1
If  > 0 and f (t) is continuous on [a, b] ,
then D  f exists and it is continuous with
respect to t on[a, b].
Lemma 2.2
The following identity

  t x s 1 z (s )ds 

1  c
 1
c
e
(
x

t
)
z
(
t
)
dt

 1
e
c




holds for all x  a, b, a  c  b ,   0 .
Lemma 2.3. Let   0 and n     1 . Then
t

x 

I

  x s 

 c

 1

z ( s ) ds



y k  0 k
x .
k!
k 0
n 1

D  y x   y( x )  
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In this section, we shall prove some existence
and uniqueness theorems, we will apply Banach
and Schaefer’s fixed point theorems to the
problem (1) and (2).
Denote by C(J, R ) the Banach space of all

continuous functions define on J  0, d in to
R, with the norm:

y




   x ( x t ) 1 z (t ) dt

 0
 supe
y ( x) 
xJ





First of all, we find the solution for integro –
fractional differential equation (1)-(2).
Lemma 3.1
Let
2    3 , f : J  R  R and
g : J  J  R  R be continuous function. A
function y( x ) is a solution of the fractional
integral
equation
x
yd 2
1
x  t  1
y ( x)  y 0  y x 
x 

2
  o
*
0

(3)

The parameter  introduced in the norm can
be chosen in such a way that the operator T
Which is defined later is actually a contraction
mapping and where z( t ) is non-negative

continuous function on 0, d .We assume the
following conditions
(H1) f ( x, y 2 )  f ( x, y1 )  z( x) y 2  y1
and

t


x2


f
(
t
,
y
)

g

,
t
,
y
d

dt



0
2  2



 (g(x, t, y 2 )  g(x, t, y1 ))dx  L(x) y 2  y1

(4)
0


if and only if y (x) is a solution of the
boundary value problem (1)-(2).
Proof:
By definition (2.2) we get
0

I



x

y( x)  f ( x, y( x))   g ( x, t , y(t ))dt

Operating on both sides of equation (5) by
the operator x0 I  we obtain:

Where negative continuous functions.
(H2) There exist constants M  0
and N  0 such that :

I

0

x

for each

0

x  J and all y  R
By using Lemma (2.3) we get:
t
x2
y( x)  y 0  y 0* x 
y (0) 0x I  f ( x, y ( x)) 0x I   g  , t , y d (6)
2
0
t

y( x )  y *0  y(0) x  x0 I  1f ( t, y( t )) x0 I  1  g, t, y d
0
t

y( x )  y(0) x0 I  2 f ( x, y( x )) x0 I  2  g, t, y d if x  d ,
0

t

y d  y(0) d0 I  2 f ( x, y( x )) d0 I  2  g, t, y d
0
t

y (0)  y d  0d I   2 f ( x, y( x)) 0d I   2  g  , t , y d (7)
0

Substituting equation (7) in (6) we obtain:
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t

I y( x ) x0 I  f ( x, y( x )) x0 I   g, t, y d

x  x 
0
0

 g(x, t, y)dx  N ,

(5)

0

0

f ( x, y)  M and



t

 3
 d  t   f (t, y)   g  , t , y d  dt

x
0

x



d
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x2
y ( x)  y 0  y x 
2
Hence
*
0

t


d  2
d  2
y

I
f
(
x
,
y
(
x
))

I
g  , t , y d 
 d 0
0

0



x 
0

x 
0

 I f ( x, y ( x)) I

t

 g  , t, y d
0

t


x2


f
(
t
,
y
(
t
))

g

,
t
,
y
d

dt



0
2  2


d
t

 3 


d

t
f
(
t
,
y
(
t
))

g  , t , y d  dt

0

0


x

x2
1
x  t  1
y ( x)  y 0  y x 
yd 
2
  0
*
0

This completes the proof.
Theorem (3.1)
Let the right hand side of the fractional
integro-differential equation (1) be a continuous
function and satisfies the condition (H1)

 2



d2



If   
 ( ) (  2) 
T  y ( x)  y 0  y 0* x 
d

 d  t 

 3

0

Then the boundary value problem (1)-(2) has
a unique solution on J.
Proof:
Consider
the
operator
T : C(J, R )  C(J, R ) defined by:

(8)

t
x


x2
x2
1
 1


f
(
t
,
y
(
t
))

g

,
t
,
y
d

dt



yd 
x

t


0
2  2
2
  0



t


f
(
t
,
y
(
t
))

g  , t , y d  dt


0



(9)

Clearly the fixed point of operator T is a
solution of the fractional integro–differential
equation (1)-(2),we shall use the Banach
Ty2 ( x)  Ty1 ( x)





1

x

 x  t 

 1

  0

Contraction principle to prove that T defined by
(9) has a fixed point .
We claim that T is a contraction mapping

t
d

x2
d  t  3
 f (t , y2 (t ))   g  , t , y2 (t ) d dt 

2  2 0
0


t
x
t
d
t




1
x2
 1 
 3 








f
(
t
,
y
(
t
))

g

,
t
,
y
(
t
)
d

dt

x

t
f
(
t
,
y
(
t
))

g

,
t
,
y
(
t
)
d

dt

d

t
f
(
t
,
y
(
t
))

g  , t, y1 (t )d dt





2
2
1
1
1
0
0
0

   0

 2  2 0

 



Ty2 ( x)  Ty1 ( x)



x2







d







x
x
t

1
1
 1
 1 






x

t
f
(
t
,
y
(
t
))

f
(
t
,
y
(
t
))
dt

x

t
 g ( , t , y 2 (t ))  g ( , t , y1 (t )) d dt
2
1


  0
  0
0


t

 g ( , t , y2 (t ))  g ( , t , y1 (t )) d  dt
0




x
x
t

1
1
 1
 1 






g ( , t, y2 (t ))  g ( , t, y1 (t ))d dt
x

t
f
(
t
,
y
(
t
))

f
(
t
,
y
(
t
))
dt

x

t

2
1



  0
  0
0





x2

d

 d  t   f (t, y (t ))  f (t, y (t ))dt  2  2  d  t  

2  2 0

Ty2 ( x)  Ty1 ( x)  

 3

2

1

0

 3
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d
d
t

x2
x2
 3
 3 






d

t
f
(
t
,
y
(
t
))

f
(
t
,
y
(
t
))
dt

d

t
 g ( , t , y2 (t ))  g ( , t , y1 (t )) d  dt
2
1


2  2 0
2  2 0
0





    x t  1 z t dt
    x t  1 z t dt
x
x


t
 
 0
1
1
 1
 x  t   f (t, y2 (t ))  f (t, y1 (t ))dt   supe 0
 x  t  1  g ( , t, y2 (t))  g ( , t, y1 (t ))d dt  
Ty2 ( x)  Ty1 ( x)   supe
x J
  0
  0
 xJ 
0
 



x

x

   x  x t  1 z t dt
   x  x t  1 z t dt
d
d
2


t
 

x
x2
 d  t  3  f (t, y2 (t ))  f (t, y1 (t ))dt  supe 0
 d  t  3  g ( , t, y2 (t ))  g ( , t, y1 (t ))d  dt 
 supe 0
x J
x J
2  2 0
2  2 0
0
 




   x  x t  1 z t dt


1

supt 2 e 0
2  2 xJ 


Ty2 ( x)  Ty1 ( x)

d

 d  t 

 3

0


   x  x t  1 z t dt



1
z (t ) y 2 (t )  y1 (t ) dt  
supt 2 e 0
 2  2 xJ 



  x  xt  1 z t d t



supe 0
  xJ 

1



x

 x  t 

 1

0

d

 d  t 

 3

0



L(t ) y 2 (t )  y1 (t ) dt 




 f (t , y 2 (t ))  f (t , y1 (t ))  dt  



   x  x t  1 z t dt x

   x  x t  1 z t dt d

t



 0

 2 0
1
1
 1
 3
x  t   g ( , t, y 2 (t))  g ( , t, y1 (t))d  dt  
d  t   f (t, y 2 (t))  f (t, y1 (t))dt  

supe
supt e


x

J
x
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Now using the Lipchitz condition (H1) we get:
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By using Lemma (2.2) we get:
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 2
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     2  




Consequently, by (8) T is contraction
mapping. As a consequence of Banach fixed
point theorem , we deduce that T has a fixed
point which is a solution of the problem (1)-(2).
Theorem (3.2)
Let the right hand side of the fractional
integro - differential equation (1) be continuous
functions and satisfies the conditions (H1) and
(H2). Then the fractional integro- differential

equation (1) and (2) has at least one solution
on J.
Proof: We shall use Schaefer’s fixed point
theorem to prove that T defined by (11) has a
fixed point, and so we claim that T is
continuous.
Let y n  be a sequence such that y n  y in

CJ, R  , then for each x  J :

x
t
d
t


1
x2
 1 
 3 
 x  t   f (t, yn (t))   g  , t, yn (t)d dt 
 d  t   f (t, yn (t))   g  , t, yn (t)d dt 
T  yn ( x)  T  y ( x)  
  0
0
0

 2  2 0
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Since f and g are continuous functions and
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that for any   0, there exists a positive
constant  such that

Thus T is continuous.
Next, we prove T maps bounded sets into
bounded sets in C(J, R ) . It is enough to show



for each y  B , B  y  C ( J , R) : y
Ty ( x )
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By using condition (H2), we get:
   x  x t  1 z t dt

   x  x t  1 z t dt x

   d d t  3 z t dt d

2



 0




x
M

N
M

N


1


3
x  t  dt   
d  t  dt 
T  y ( x)   supe
y0  y0* x  yd  
supe 0
supx2e 0


x J
2    xJ 
0
0

 2  2 xJ 










1
1

  









1
2



1



Now, we claim that T maps bounded sets into equicontinuous sets of C(J, R )
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This shows that the set  is bounded. As a
consequence of Schaefer’s fixed point theorem,
we deduce that T has a fixed point which is a
solution of the problem (1) - (2).
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ثوحتة
 دظىَ ظةكولينيَدا هةبوون و تاكانى يا شيكاركرنا هندةك جوريَن هاوكيَشيَن تةواوكارييَن جياكارييَن كةرتى ذ ثال

. هاتية خواندن ب كارثينانا سةملاندنا خاال نةطوَر يا بةناخ و شيفةر

  2,3

و

الخالصة



في هذا البحث درسنا وجود و وحدانية الحل لصنف من المعادالت التكاملية – التفاضلية الكسرية من الرتبة

. بواسطة نظرية النقطة الثابتة لبناخ وشيفر
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ABSTRACT
In this paper the minimal blocking sets in the projective plane of order q where q = 13, are classified ,we find an
example of minimal blocking sets of size 27 with at most 11-secant and the existence of the minimal blocking sets of
Rédei-type of size 25 is proved. Some important properties of the blocking set of size 27 in PG(2,13) are given. Also
we classify the minimal blocking sets of size 25 in PG(2,13). Finally we study the existence of (k, n)-arcs in PG(2.13) ,
when n= 12, 11, 10 and 9.

1. INTRODUCTION

A

subset B of a projective of affine plane
is called t-blocking set if B intersects
every line in at least t points [6]. For t =
1 or 2, we speak of blocking set or 2-blocking
set. An obvious idea to construct t-blocking sets
is to take unions of blocking sets. If q is a square
we get t-blocking sets of size t (q  q  1) . For
very large t it makes more sense to look at the
complement of B. If k =q+ n-t, then the
complement of B is a set intersecting every line
in at most k points, and finding minimal tblocking sets is equivalent to finding (k,n)-arcs
with n large. Using combinatorial arguments,
similar to those in Bruen's proof of the lower
bound for the size of a blocking set. Ball [1]
,obtained
the
general
lower
bound
tq  tq  t for the size of t-blocking set in
PG(2,q). Bruen [7], obtained the lower bound
(t+1)q –t, for the size of t-blocking set in
AG(2,q). Blokhuis [4] proved that if a (k, n)arcs has an external line and (n, q) = 1 then k  (
n-1) q+1, hold in a prime planes when n 
(q+3)/2. Hrischifeld and L. Storme in [14]
showed that for q odd the maximal size of (k, n)arcs is less than nq- q + n/2. A blocking set is a
subset which is not coalition, but contains at
least one member of each coalition so that it can
block any decision without being able to force
one.
2. PRELIMINARIES
This Section briefly summarize some of the
basic notions concerning projective spaces and tblocking sets. We begin by the following
definitions: A finite filed is a field with a finite
number of elements. A field E is an extension
field of a field F if there is an injective ring
homomorphism F into E [11].A non constant
polynomial f(x) is an irreducible polynomial in
F[x] if f(x) cannot be expressed in F[x] as a
product g(x) h(x) of non constants each of
degree less than the degree of f(x) .Let GF(p) =

Z / pZ
Zp, p prime number, and let f(x) be an
irreducible polynomial of degree h over
GF(p),then:
GF (p h )  GF (p)[x] / (F (x) ) 
 h 1

i
 a i λ :a i GF(p); F (λ)  0 
 i 0

is called a Galois Field of order q ; q=ph [ 1].
The elements of GF(q) satisfy the equation xq =
x,
and
there
exists
λ
in
GF(q)=GF(q)={0,1,,2,… ,q-2}.
A projective plane PG(2, q) is an incident
structure of points and lines which consists of
q 2  q  1 points and q 2  q  1 lines and every
line contains q+1 points and every point pass
through q+1 lines. A projectivity is a bijection
function from PG(2,q) into PG(2 ,q') given by
the matrix T such that if P(x') = P(x).S, then t.x'=
x.T, where x and x' are the coordinate vectors for
the points P(x) and P(x')and t  GF(q) \{0}.Let
f(x) = xn – an-1 xn-1  …  a0 be any monic
polynomial over GF(q) then it is Companion
Matrix, C(f) is given by the n×n matrix:

0 1 0
0 0 1

 .
C( f ) .

 .
0 0 0

a0 a1 a2

.
.

.
.

.
.

.
.

.
.

0 
0 






.
1 

. an1 
nn

A projectivity S is cyclic projectivity when all
the points of the projective plane PG(2,q) are
given by right multiplication of S with the one
point of the points of PG(2,q).A prime in the
projective plane is a subspace of one dimension.
Let  be a prime in PG(2,q) An affine plane is
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the set of the points of the projective plane
PG(2,q) without the point of  .A blocking set B
in a projective plane PG(2, q) is a set of points
such that each line in PG(2, q) contains at least
one point of B and some line contains exactly
one point of B.
A blocking set is trivial when it contains only
a line of PG(2,q)[14]. A blocking set B is
minimal or irreducible when no proper subset of
it is a blocking set. A (k, n)-arc K is a non
empty set of k points of the projective plane
PG(2,q), such that some line in PG(2,q) intersect
in n points and there is no line intersect K in
more than n points. A (k, n)- arc K is maximal if
k = (n-1) q +n.
Remark 2.1[12]. (k, n)-arcs and t –blocking sets
are complement of each other in a projective
plane PG(2, q), with n +t= q+1, and finding a
maximal (k, n)-arc in PG(2, q) is equivalent to
finding the minimal t- blocking set in PG(2, q).
Theorem 2.2[10]. If q is a square and B is a
blocking set of size q  q  1 in PG(2,q),
there exist a line containing exactly

q  1points of B.
Definition 2.3[3]. Let  be a line in the
projective plane PG(2,q) then  is i-secant to B
if  contains i points of the blocking set B.
Theorem 2.4 [5]. Let B be blocking set of size b
in projective plane PG(2,q), then :
1.

q 1

r q
i 0

2.

i

2

 q 1

q 1

 i ri  b (q  1)
i 1

3.

q 1

 i (i  1) ri  b (b  1)

i 2

4.

q 1

 vi  q  1
i 1

5.

q 1

 (i  1) vi  b  1
i 2

6.
7.

q

 ui  q  1
i 0
q

 i ui  b .
i 1

where ri : the total number of i-secant of B.
v i : the total number of i-secant through a point

p of B.
u i : the total number of i-secant through a point
q of PG(2, q)\B.
Theorem 2.5[2]. Let B be a 2-blocking set B in
PG(2,q), q=11,13. then B  (5q  7) / 2.
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Theorem 2.6 [13]. In PG(2,q),q square, q ≥25 or
q =9, there is no minimal blocking set of size

q q.
Theorem 2.7 [15]. In a projective Plane of order
at least 4 there exists a blocking set of order k if

2q  1  k  3q  3.

Theorem 2.8 [17]. Let B be a minimal blocking
set in PG(2,q). If q=p is a prime then B 
(3p+1)/2.
Theorem 2.9[9]. In PG(2,q), q = p2, p prime
then every non- trivial blocking set of size
(3p+1)/2, contain a Baer sub plane.
Theorem 2.10 [13]. A blocking set B exists in
PG(2,q), if and only if q>2.
Theorem 2.11 [9]. Let B be a 3- blocking set in
PG(2,q), if q = 11, 13. Then B  (7q  9) / 2.
Theorem 2.12[10]. In PG(2,q), let B be a
minimal blocking set of size q +k, and suppose
there is a line L intersecting B in exactly k-1
points. Then there is a point O  B such that
every line joining O to a point of L\B contains
two points of B. Hence k  (q  3) \ 2.
Theorem 2.13[8]. If B is a blocking set of size b
then:
(i) no line of PG(2, q) contains more than b –q
points of B;
(ii) if a line contain n points of B, then b ≥ n +q;
(iii) there is some lines containing at least three
points of B;
(iv) b ≥ q+3;
Theorem 2.14 [5]. If q is a square and B a
blocking set of size b then :

q  q  1  b  q 2  q.
Theorem 2.15 [18]. Let B be a t-blocking set of
size b in PG(2,p), p > 3 prime .

1
1. If t < p/2, then b ≥ (t + 2 )(p+1);
2. If t > p/2, then b ≥ (t+1)p;
MAIN RESULTS
4. MINIMAL BLOCKING SETS IN PG(2,13)

In this section, we prove some theorems
concerning the existence of minimal blocking
sets in PG(2,13).
3.1. The projective plane PG(2,13)
Let f(x) = x3- x2–2, be a monic polynomial over
GF(13) , then the Companion matrix [It is
definition mentioned above in Preliminaries], of
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f(x) is T =

0 1 0 
0 0 1



2 0 1 


is cyclic protectively on

and the number of lines are 183 lines and every
line passes throw 14 points. Let P0 be the point
U 0  (1,0,0) , where i= 0,…, 182 are the 183
points of PG(2,13) , the 183 points Pi are given
by the following table.

PG(2,13). The number of points in the PG(2,13)
are 183 points
Table (1). The points of PG(2,13)
i

Pi

i

Pi

i

Pi

i

0

(1,0,0)

47

(1,7,4)

94

(1,10,6)

141

(1,0,6)

1

(0,1,0)

48

(1,5,3)

95

(1,12,10)

142

(1,12,7)

2

(0,0,1)

49

(1,11,10)

96

(1,2,5)

143

(1,1,6)

3

(1,0,7)

50

(1,2,3)

97

(1,4,2)

144

(1,12,6)

4

(1,1,7)

51

(1,11,3)

98

(1,10,8)

145

(1,12,8)

5

(1,1,8)

52

(1,11,11)

99

(1,9,6)

146

(1,9,11)

6

(1,9,3)

53

(1,3,1)

100

(1,12,11)

147

(1,3,8)

7

(1,11,2)

54

(1,7,2)

101

(1,3,4)

148

(1,9,8)

8

(1,10,0)

55

(1,10,12)

102

(1,5,9)

149

(1,9,10)

9

(0,1,10)

56

(1,6,2)

103

(1,8,8)

150

(1,2,12)

10

(1,0,9)

57

(1,10,2)

104

(1,9,1)

151

(1,6,6)

11

(1,8,7)

58

(1,10,3)

105

(1,7,5)

152

(1,12,1)

12

(1,1,2)

59

(1,11,0)

106

(1,4,9)

153

(1,7,0)

13

(1,10,4)

60

(0,1,11)

107

(1,8,0)

154

(0,1,7)

14

(1,5,5)

61

(1,0,10)

108

(0,1,8)

155

(1,0,8)

15

(1,4,1)

62

(1,2,7)

109

(1,0,3)

156

(1,9,7)

16

(1,7,9)

63

(1,1,9)

110

(1,11,7)

157

(1,1,3)

17

(1,8,11)

64

(1,8,2)

111

(1,1,5)

158

(1,11,5)

18

(1,3,5)

65

(1,10,9)

112

(1,4,11)

159

(1,4,12)

19

(1,4,6)

66

(1,8,9)

113

(1,3,6)

160

(1,6,5)

20

(1,12,3)

67

(1,8,6)

114

(1,12,4)

161

(1,4,5)

21

(1,11,9)

68

(1,12,12)

115

(1,5,2)

162

(1,4,10)

22

(1,8,4)

69

(1,6,1)

116

(1,10,5)

163

(1,2,2)

23

(1,5,8)

70

(1,7,10)

117

(1,4,8)

164

(1,10,1)

24

(1,9,0)

71

(1,2,8)

118

(1,9,4)

165

(1,7,12)

25

(0,1,9)

72

(1,9,12)

119

(1,5,0)

166

(1,6,10)

26

(1,0,2)

73

(1,6,9)

120

(0,1,5)

167

(1,2,6)

27

(1,10,7)

74

(1,8,3)

121

(1,0,11)

168

(1,12,5)

28

(1,1,4)

75

(1,11,4)

122

(1,3,7)

169

(1,4,3)

29

(1,5,12)

76

(1,5,10)

123

(1,1,10)

170

(1,11,12)

30

(1,6,11)

77

(1,2,4)

124

(1,2,9)

171

(1,6,8)

31

(1,3,12)

78

(1,5,4)

125

(1,8,10)

172

(1,9,9)

32

(1,6,12)

79

(1,5,6)

126

(1,2,10)

173

(1,8,1)

33

(1,6,4)

80

(1,12,2)

127

(1,2,11)

174

(1,7,11)

34

(1,5,11)

81

(1,10,10)

128

(1,3,0)

175

(1,3,2)

35

(1,3,9)

82

(1,2,1)

129

(0,1,3)

176

(1,10,11)

36

(1,8,5)

83

(1,7,8)

130

(1,0,5)

177

(1,3,11)

37

(1,4,0)

84

(1,9,5)

131

(1,4,7)

178

(1,3,3)

38

(0,1,4)

85

(1,4,4)

132

(1,1,11)

179

(1,11,1)

39

(1,0,12)

86

(1,5,1)

133

(1,3,10)

180

(1,7,6)

40

(1,6,7)

87

(1,7,3)

134

(1,2,0)

181

(1,12,0)

41

(1,1,0)

88

(1,11,6)

135

(0,1,2)

182

(0,1,12)

42

(0,1,1)

89

(1,12,9)

136

(1,0,4)

43

(1,0,1)

90

(1,8,12)

137

(1,5,7)

44

(1,7,7)

91

(1,6,3)

138

(1,1,12)

45

(1,1,1)

92

(1,11,8)

139

(1,6,0)

46

(1,7,1)

93

(1,9,2)

140

(0,12,6)
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Let  1 be a line which contains 14 points of the

 1  {(2,7), (3,4), (5,11), (6,8), (7,5), (9,12), (10,9),

points of PG(2,13) , then  i   1 .T i 1 [13],
i=1, . . ., 183, are the lines of PG(2,13) ,which
are given by the two table given in [16].
Theorem 3.2. There a is minimal blocking set of
size 27 in PG(2,13), having 11-secant.
Proof. Let (x, y, z) denote the coordinates of a
projective point . Let  be the line at infinity of
the corresponding affine plane which intersect
the set B in 11 points , and let 
\B={ p1 , p 2 , p3 }. By theorem 2.12, there is an

(8,2), (11,6), (12,3)}.

affine point O  B for which the lines Opi ,
i=1,2,3 are bisecants. These lines contain six
affine points of B. Let U i , i= 1,…,10 be the
remaining affine points. Since the points pi only
lie on one 2-secant and 12 tangents , the lines
U 1 pi are tangents for i=1,2,3. Furthermore the
line OU1 is a line passing through a point of
B  L .We select the reference system in the
following
way
Let
p1  (0,1,0) , p 2  (1,0,0) , p 3  (1,3,0) , and let

OU1 pass through (1,1,0) . Let O  (0,0,1), w
e can assume that U 1 =(1,1,1) .Consider now the
affine

plane

PG(2,13)\L.

Let

B  B \ (  {U i }. Then two points of B  lie on

x=0, two on y=0, and two on y=10x, since these
are the lines OPi , i=1,2,3. Moreover on every
horizontal line y = k , vertical line x=k, and on
every line y=10x +k with k≠0, there is one point
of B. In particular on the lines x=1, y=1,
y=10x+4, y=x which all pass through U 1 , there
are no points of B  , this cancels already a lot of
points of AG(2,13).
(0,0)

(0,1)

(0,2)

(0,3)

(0,4)

…

(0,12)

(1,0)

(1,1)

(1,2)

(1,3)

(1,4)

…

(1,12)

(2,0)

(2,1)

(2,2)

(2,3)

(2,4)

…

(2,12)

(3,0)

(3,1)

(3,2)

(3,3)

(3,4)

…

(3,12)

.

.

.

.

.

.

.

.

.

.

.

.

.

.

.

.

.

(12,0)

(12,1)

(12,2)

(12,3)

(12,4)

.
…

(12,12)

On the line y=10x,we will select two points
from the set:

On the line x=0 , we need to select two points
from the set:

 2  {(0,3), (0,5), (0,6), (0,8), (0,9), (,10), (0,11),
(0,2), (0,7), (0,12)}.

Also on the line y=0 we select two points from
the set:

 3  {(3,0), (4,0), (5,0), (6,0), (8,0), (9,0), (11,0),
(2,0), (7,0), (12,0)}.
On the line x=0 , the remaining two points
which are not belonging to any line through
U 1 are (0,9) and (0, 11). On the line y =10 x the
remaining two points which are not belonging to
any line through U 1 are (7,5) and (8,2).Finally
on the line y=0 ,the remaining two points which
are not belonging to any line through U 1 are
(2,0) and (11,0). By identify the projective
points (x ,y) with (x,y,1) we get the following
points
{(1,0,6),(1,0,8),
(0,1,3),(0,1,6),
(1,10,2),(1,10,5)},we take these points with the
points
B  L  {(1,1,0),(1,2,0),(1,3,0),(1,4,0),(1,5,0),
(1,6,0),(1,7,0),(1,8,0),(1,9,0),(1,11,0),(1,12,0)}, and
with
the
points
U i ={(1,1,1),(1,5,7),(1,5,12),(1,2,7),(1,1,9),(1,2,
3),(1,5,8),(1,2,4),(1,8,10),(1,7,11)}.We get the
minimal blocking sets of size 27 with 11secant.
Definition 3.3[4]. A minimal t- blocking set B
is of Rédei-type in PG(2, q) if there is a line
contains k points of B such that B \ L = q.
Theorem 3.4. There is a minimal blocking 25set of Rédei-type in PG(2,13).
Proof. Let (x, y ,z) denote the coordinates of a
projective point. Let L:Z=0, be the Rédei-line
and let pi  ( x i , yi ,1)  ( xi , yi ) , i=1,…,13, be
the affine points of the blocking set B  . Let A=
(0,1,0), B=(1,0,0), since all affine lines X=a,
through A and Y=b through B contain exactly
one affine point of the blocking set, we have
xi  x j and y i  y j if i  j .
These two conditions will be used in the search
for minimal blocking set of Rédei -type, let
P1 = (0,0), using perceptivities with axis  and
center P1 , we can set P2 =(1,2). Again using
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perceptivities with axis  and center P2 ,we can
set P3 =(2,3). The criteria for selecting a next
point

0,1,2,3,4,5,6,7,8,9, and the values of y i are
0,2,3,5,6,12,9,7,4.10.
For P11 =(10, y11 ), and by the two conditions we

Pi  ( xi , yi ) , x i  {x1 ,..., xi 1}, yi  { y1 ,..., y j 1} have
. In the discussion of the different cases , when
selecting Pi . We will always talk about the used

y11  {1,8,11}, we choose P11 =(1,0,1).
Then the values of xi are 0,1,2,3,4,5,6,7,8,9,10,
and the values of y i are 0,2,3,5,6,12,9,7,4.10,1.

xi and the used y i . For this choice of
P1 , P2 , P3 , the values of x i are : 0,1,2 and the

For

values of y i are 0,2,3, the above mentioned

Then

criterion gives ten possibilities for P4 namely

P4  {3,1),(3,4),(3,5),(3,6),(3,7),(3,8),(3,9),(3,10
),(3,11),(3,12)}. We choose P4 =(3,5). Then the
values of xi are 0,1,2,3 and the values of y i are
0,2,3,5.For P5 =(4, y 5 ). By the above two
conditions,

we

y5  {1,4,6,7,8,9,10,11,12}.

have
choose

We

P5 =(4,6). Then the values of xi are 0,1,2,3,4
and the values of
y i are 0,2,3,5,6. For

P6 =(5, y 6 ) and by the two conditions we have
y6  {1,4,7,8,9,10,11,12},

we

choose

P6 =(5,12). Then the values of

xi

are

0,1,2,3,4,5, the values of y i are 0,2,3,5,6,12,
for P7 =(6, y 7 ), and by the two conditions we
have

y7  {1,4,7,8,9,10,11},

we

P7 =(6,9). Then the values of
0,1,2,3,4,5,6

and

the

values

choose

xi
of

are

y i are

0,2,3,5,6,12,9, for P8 =(7, y8 ), and by the two
conditions we have
choose

y8  {1,4,7,8,10,11}, we

P8 =(7,7). Then the values of

0,1,2,3,4,5,6,7 and the values of

xi are
y i are

0,2,3,5,6,12,9,7. For P9 =(8, y 9 ), and by the two
conditions

we

have

y9  {1,4,8,10,11}, we

choose P9 =(8,4). Then the values of xi are
0,1,2,3,4,5,6,7,8, and the values of

y i are

0,2,3,5,6,12,9,7,4. For P10 =(9, y10 ), and by the
two conditions we have y10  {1,8,10,11}, we
choose P10 =(9,10).Then the values of

xi are

P12 =(11, y12 ), and by the two conditions
we have y12  {8,11}, we choose P12 =(11,11).
the

values

of

xi

are

0,1,2,3,4,5,6,7,8,9,10,11,and the values of y i are
0,2,3,5,6,12,9,7,4.10,1,11. By the two above
condition we have P13 =(12,8). Hence we get to
the 13 affine points:
{(0,0),(1,2),(2,3),(3,5),(4,6),(5,12),(6,9),(7,7),(8,
4),(9,10),(10,1),(11,11),(12,8)}. By identify the
projective points (x, y) with (x, y, 1) we get the
following points {(0, 0, 1), (1, 2, 1),
(1,8,7),(1,6,9),(1,8,10),(1,5,8),(1,8,11),(1,1,2),(1,
7,5),(1,4,3),(1,4,4),(1,1,6),(1,5,12)}.
These
points with the six points of B  L ={(1,1,0),
(1,2,0),
(1,3,0),(1,4,0),(1,5,0),(1,6,0),(1,7,0),(1,8,0),(1,9,
0),(1,10,0),(1,11,0),(1,12,0)} form the minimal
blocking set of Rédei-type.
4. PROPETIES OF MINIMAL BLOCKING
SETS OF SIZE 25 IN PG(2, 13).
Theorem 4.1. Let B have at most four points on
a line . Let the number of 1-,2-,3-,and 4- secants
be denoted by a , b , c, d, respectively. Then
these numbers satisfy one of the following
possibilities:
a

b

C

Possibilities

105

33

1

(1)

106

30

4

(2)

107

27

7

(3)

108

24

10

(4)

109

21

13

(5)

110

18

16

(6)

Proof. The standard counting arguments give:
a + b + c + d =183
. . . (1)
a + 2b +3c + 4d = 350 . . . (2)
2b + 6c + 12 d = 600 . . . (3)
From these equations we can deduce:
a = 149 – d;
b = -99+ 3d;
c = 133 -3d;
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Since c≥ 0 , we get d  44 .
Lemma 4.2. Every two 8-secants to B are
intersected in a point of B .
Proof. If three 8-secants intersect in P  B,

is impossible. So through every point of B , there
are at most five 6-secants.
Lemma 4.10. Let  1 be a 11-secant to B and  2 ,

then B  2 * 8  12  28, which contradicts the

Proof. Assume  1   2 ={P}, and P  B, then

size of B.
Lemma 4.3. Every two 7-secants to B are
intersected in a point of B .
Proof. If three 7-secants intersect in P  B,

be a 10-secant to B then  1   2 , in a point in B.

B  11  10  12  33, which contradicts the
size of B.
Lemma 4.11. Let

 1 be a 10-secant to B and  2 ,

then B  2 * 7  12  26, which contradicts the

be a 9-secant to B then  1   2 , in a point in B.

size of B.
Lemma 4.4. Every three 6-secants to B are
intersected in a point of B .
Proof. If four 6-secants intersect in P  B,

Proof. Assume  1   2 ={P}, and P  B, then

then B  3 * 6  11  29, which contradicts the
size of B.
Lemma 4.5. There are at most three 8-secants
through any point of B.
Proof. By lemma 4.2.every two 8-secants to B
are intersected in a point on B. Now assume
there are four 8-secants through a point P  B,
then B  7 * 4  1  29, and that is impossible.
So through every point of B , there are at most
three 8-secants.
Lemma 4.6. There are at most four 7-secants
through any point of B.
Proof. By lemma 4.3.every two 7-secants to B
are intersected in a point on B. Now assume
there are five 7-secants through a point P  B,
then B  6 * 5  1  31, and that is impossible.
So through every point of B , there are at most
four 7-secants.
Lemma 4.7. There are at most three 8-secants
through any point of B.
Proof. Assume there are four 8-secants through
a point P  B, then B  4 * 7  1  29, and
that is impossible. So through every point of B ,
there are at most three 8-secants.
Lemma 4.8. There are at most four 7-secants
through any point of B.
Proof. Assume there are five 7-secants through
a point P  B, then B  5 * 6  1  31, and that
is impossible. So through every point of B , there
are at most four 7-secants.
Lemma 4.9. There are at most five 6-secants
through any point of B.
Proof. Assume there are six 6-secants through a
point P  B, then B  6 * 5  1  31, and that
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B  10  9  11  30, which contradicts the
size of B.
Lemma 4.12. Let  be a 9-secant to B , then
through any point of   B , there is at most two
8-secant.
Proof. Let P be a point of   B , and assume
there are three 8-secants through P, then
B  9  3 * 7  30, which contradicts the size
of B.
Lemma 4.13. Let  be a 8-secant to B , then
through any point of   B , there is at most two
7-secant.
Proof. Let P be a point of   B , and assume
there are three 7-secants through P, then
B  8  3 * 6  26, which contradicts the size
of B.
5. PROPETIES OF MINIMAL BLOCKING
SETS OF SIZE 27 IN PG(2, 13).

Theorem 5.1. Let B have at most five points on
a line . Let the number of 1-,2-,3-,4-,and 5secants be denoted by a , b , c, d, e, respectively.
Then these numbers satisfy one of the following
possibilities:
a

b

c

d

E

Possibilities

77

67

6

16

17

(i)

81

56

15

15

16

(ii)

85

45

24

14

15

(iii)

89

34

33

13

14

(iv)

93

23

42

12

13

(v)

97

12

51

11

12

(vi)

101

1

60

10

11

(vii)

Proof. The standard counting arguments give:
a + b + c + d +e =183
. . . (1)
a + 2b +3c + 4d +5e = 378 . . . (2)
2b + 6c + 12 d+ 20e = 702 . . . (3)
From these equations we can deduce:
c= 156-3d-6e;
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b= -177+3d+8e;
a= 144-d-3e;
Since c≥ 0 , we get d  16 and e  17 .
Lemma 5.2. Every minimal blocking set of size
27 in PG(2, 13) has at least four points on a line.
Proof. Suppose there are only 1-,2-, and 3secants, let the number of them be denoted by a
,b, c respectively. Then the following equations
must hold by standard counting arguments.
a+b +c= 183 …(1)
a+2b+3c = 378 …(2)
2b +6c =702 …(3)
From these equations we get b = -117 which is
impossible.
Lemma 5.3. Every two 12-secants to B are
intersected in a point on B .
Proof. If three 12-secants intersect in P  B,

Lemma 5.8. Let

then B  2 *12  12  36, which is contradicts

in B.
Proof. Assume  1   2 ={P}, and P  B, then

the size of B.
Lemma 5.4. Every two 11-secants to B are
intersected in a point on B .
Proof. If three 11-secants intersect in P  B,
then B  2 *11  12  34, which is contradicts
the size of B.
Lemma 5.5. Every two 10-secants to B are
intersected in a point on B .
Proof. If three 10-secants intersect in P  B,
then B  2 *10  12  32, which is contradicts
the size of B.
Lemma 5.6. There are at most three 9-secants
through any point of B.
Proof. Assume there are four 9-secants through
a point P  B, then B  8 * 4  1  33, and
that is impossible. So through every point of B ,
there are at most three 9-secants.
Lemma 5.7. There are at most three 8 -secants
through any point of B.
Proof. Assume there are four 8-secants through
a point P  B, then B  7 * 4  1  29, and
that is impossible. So through every point of B ,
there are at most three 8-secants.

 1 be a 12-secant to B and  2 ,

be a 11-secant to B then  1   2 , in a point in B.
Proof. Assume  1   2 ={P}, and P  B, then

B  12  11  12  35, which contradicts the
size of B.
Lemma 5.9. Let

 1 be a 11-secant to B and  2 ,

be a 10-secant to B ,then  1   2 , in a point in
B.
Proof. Assume  1   2 ={P}, and P  B, then

B  11  10  12  33, which contradicts the
size of B.
Lemma 5.10. Let

 1 be a 10-secant to B and

 2 , be a 9-secant to B then  1   2 , in a point

B  10  9  12  32, which contradicts the
size of B.
Lemma 5.11. Let  be a 9-secant to B , then
through any point of   B , there is at most two
8-secant.
Proof. Let P be a point of   B , and assume
there are three 8-secants through P, then
B  9  3 * 7  30, which contradicts the size
of B.
Lemma 5.12. Let  be a 8-secant to B , then
through any point of   B , there is at most
three 7-secant.
Proof. Let P be a point of   B , and assume
there are four 7-secants through P, then
B  8  4 * 6  32, which contradicts the size
of B.
6. THE EXISTENCE OF MAXIMAL (k, n) –
ARCS
IN PG(2, 13).

In this section we study the existence of (k, n)arcs in PG(2,13), when n = 9,10,11 and 12 .
Table (2): The size of the largest (k, n) – arc in
PG(2, q) for small q.
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q

3

4

5

7

8

9

11

13

16

4

6

6

8

10

10

12

14

18

9

11

15

15

17

21

23

28 … 33

16

22

28

28

32 … 34

38 … 40

52

5

29

33

37

43 … 45

49 … 53

65

6

36

42

48

56

64 …66

78…82

49

55

67

79

93…97

65

77 … 78

92

120

9

89 … 90

105

128…131

10

100 -102

118 …119

142…148

11

132…133

159…164

12

145…147

180…181

2
3
4

7
8

n

13

195...199

14

210…214

15

231

16

Lemma 6.1. There exists (147, 12) – arc in
PG(2,13).
Proof. To find a maximal (k, 12)-arc is
equivalent to find the minimal blocking 2blocking sets B by Remark 2.1. Since the size of
2- blocking set is at least 36 by Theorem 2.5,If
B  36 , then
k = 133, hence due to the
Table 2, there exist
(147, 12)-arc in PG(2,
13).
Lemma 6.2. There exists (133, 11)- arc in
PG(2, 13).
Proof. Finding a maximal (k, 11)-arc is
equivalent to finding the minimal blocking 3blocking sets B by Remark 2.1. Since the size of
3- blocking set is at least 50 by Theorem 2.11. If
B  50 , then k = 133, and this is possible due
to the Table 2 , hence there exist (133, 11)-arc in
PG(2, 13).
Lemma 6.3.There exists no (120, 10) – arc in
PG(2, 13).
Proof. Finding a maximal (k, 10)-arc in PG(2,
13) is equivalent to finding a minimal 4blocking set. By Theorem 2.15,such a set must
have at least 63 points . If the equality is attend
then the degree of  in the proof of Theorem
[2] in [11] is equal to
m +1 =8. This
implies that each point has exactly 8 lines and
exactly 6-lines that are 4-secants. The total
number of 4-secants is therefore (6.63)/4, which
is not an integer. Since the number must be an
integer such a set cannot exists.
Lemma 6.4.There exists no (105, 9) – arc in
PG(2, 13).

122

Proof. Finding a maximal (k, 9)-arc in PG(2, 13)
is equivalent to finding a minimal 5- blocking
set. By Theorem 2.15,such a set must have at
least 78 points . If the equality is attend then the
degree of  in the proof of Theorem [2] in [11]
is equal to
m +1 =8. This implies that
each point has exactly 8 lines and exactly 6-lines
that are 5-secants. The total number of 5-secants
is there for (6.78)/5, which is not an integer.
Since the number must be an integer such a set
cannot exists.
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وقمنا.q = 13 حيث

الخالصة

q

قمنا في هذا البحث بتصنيف المجاميع القالبية االصغرية في المستوي االسقاطي ذو الرتبة

 كما قمنا.تمتلك على االكثر قاطعا بإحدى عشرة نقطة

بإيجاد مثال على المجاميع القالبية االصغرية ذات حجم

72

 ثم اعطينا بعض خواص مهمة عن المجاميع.من نوع ريدي

72

بإثبات وجود المجاميع القالبية االصغرية ذات حجم

 كذلك قمنا بتصنيف المجاميع القالبية االصغرية.PG(2,13) في المستوي االسقاطي
في المستوي االسقاطي

(k, n)

72

القالبية االصغرية ذات حجم

- أخيرا أثبتنا وجود األقواس.PG(2,13) في المستوي االسقاطي

72

ذات حجم

. n= 9,10,11,12. عندما،PG(2,13)

ثوختة
دا هاتينة ثولني

q =13

َ دةمىq دظىَ ظةكولينىَدا دا بضوكرتين كوميَن بلوك كرى و رونة فتى اسقاطى دا ذ ثال

و هة بوونا بضوكرتين. برةر
27

11

 وطة ل اليىَ ثرتيظة27 َ مة منوونة ك ئينا بو بضوكرتين بلوك كرى ذظة بارى.كرن

َ ثاشى هندك سالؤخةتيَن طرنط بو ذ قةبارىَ بارى.هاتية سةملاندن52 َكوميَن بلوك كرى ذ جورىَ ريديَ ذظة بارى

 ل.هاتينة ثولني كرن

PG(2,13)

 دq 52 َ هة روةسا مة بضوكرتين بلوك كرى ذظة بارى. دا هاتية دان

. n= 9,10,11,12َ دةمىPG(2,13) ( دk, n) -

PG(2,13)

د

دوماهيَى مة ب تايبةتى د مة دياركرن دا هةبوونا اقواس
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ABSTRACT
Improper design, faulty planning, mismanagement and incorrect operation of irrigation schemes are the principle
reasons for the deterioration of groundwater quality in a large number of countries, in particular in semiarid and arid
regions.
The studied area district is located east of Tigris River; northern Iraq (Nineva).It is regarded as an important
agricultural land .The present work aims at evaluating the ground water suitability for agricultural purposes or other
uses and comparer groundwater quality of two period time 2000 and 2007 water year.
Water samples were collected from 20 boreholes and analyzed to determine the concentration of sodium ,
magnesium , chlorides , carbonate, bicarbonate, potassium ,sulfates , in addition to pH , EC, TDS and T.H. The
obtained results were compared with the standard ranges reported by WHO and European Union EU Salinity
Laboratory for drinking proposes and agricultural uses respectively.
KEY WORDS: Groundwater quality , Tigris river , Water pollution, Hydrochemical facies

1.INTRODUCTION’

T

he quality of groundwater is as
important as its quantity, owing to the
suitability of water for various purposes . water
quality analysis is an important issue in
groundwater studies. Variation in groundwater
quality in an area is a function of physical and
chemical parameters that are greatly influenced
by geological formations and anthropogenic
activities (1)
Global warming and climate change has
affected the regional precipitation patterns which
resulted in reduced rainfall rates. At the same
time, the increased water consumption for
domestic, agricultural and industrial uses have
exacerbated the drought conditions. Damming of
water sources have also led to shortages of water
across the region(2).
Drought conditions have been declared in
Iraq since the year 2007. The annual rainfall has
decreased in the past few years. Both the Tigris
and Euphrates flow through Iraq in less quantity
from a lack of rainfall and dams constructed in
Turkey and Syria. The population growth also
affects the water supply. Iraq’s population
tripled to 30 million between the years 1970 and
2007 as reported by(3), which increased the
demand and more stress on available water
resources .The extended drought conditions
seem to have had a disastrous impact on the lives

124

of the people in the country. The limited access
to water has led among others to the erosion of
livelihoods, decrease in crop product ion,
increase in unemployment , and increase in some
diseases such as typhoid and diarrhoea. The
report that prepared by(4) about Iraq 2009
declared that the impacts of drought in Iraq are
severe due to the following reasons: Poor rainfall
rates, resulting in decreased levels of
underground water tables, decreased river flows,
drying-up of water sources (springs, deep and
shallow wells) that were available in the past
years. Also, the shortage of rainfall across the
country compared to previous years has led to an
obvious impact on water levels in Tigris and
Euphrates and their tributaries(3,4)
The aim of this study is to determine the
dimensions of groundwater quality after surface
irrigation was begun in the semi-arid Harran
Plain. Physical and chemical parameters of the
groundwater including pH, temperature,
electrical conductivity (EC), sodium, potassium,
calcium, magnesium, chloride, bicarbonate,
sulphate, nitrate, nitrite, ammonium, total
phosphorus, total organic carbon and turbidity
were determined monthly during the 2006 water
year
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2.GEOLOGY AND WATER FLOW OF
SURVEYED AREAS
The studied area is located 20 Km NE of
Mosul city Fig. (1). It covers an area of about
120 Km 2. The climate of the area is of semiarid type and receives an average rainfall of
about 340 mm/year. Ain Safra PilaSpi anticline
in the NE of the studied area forms the recharge
area to the basin. Al Fatha Formation, an
extensive aquifer, is overlain by flat- lying
Quaternary sediments. Injana Formation crop
out in the eastern part of the studied area. almost
flat and slope generally from NE to SW. This
flat land form range in elevation from 200 m to
220 m above sea level and dissected by drainage
wadis. The low plains can contain productive
aquifers and are also, locally, areas of ground
water discharge(5). Ain Safra anticline
(composed of lime stone) to the North East of
the study area, formed the upland recharge area
to the aquifers and has elevation of 480 m above
sea level and dissected by dry drainage wadis
which become active during heavy precipitation.
Ground water generally moves from
topographically high areas where recharge
occurs, to topographically low areas, where
ground water discharges to stream and river.
3.SAMPLE COLLECTION AND ANALYSIS
Study the characteristics of ground water of
the selected area under study is based on the
results analysis of (20 well water) samples. The
chemical analysis of ground water sampled that
detected during 2007 water year were carried out
in the laboratories of the Environmental
Research Center, Mosul University, all test were
performed as conform to standard methods.
samples are analyzed for major cations (Ca, Na,
K, and Mg) and major anions (Cl, SO4, HCO3,
and NO3), TH, pH, EC, and TDS while The
groundwater samples were collected during
2000 and 2007 water year, the mean of these
analysis are summarized in table (1) and (2).
4.LITERATURE REVIEW
Iraq depends totally on the Euphrates and
Tigris rivers for its water resources. Being a
downstream state, Iraq has historically used the
two rivers for its agricultural and navigation use.
If the GAP project is totally implemented by
Turkey, Iraqi per capita withdrawals will be by

year 2025 about 27 % what they were before the
start of the implementation of the project.
The two rivers of Euphrates and Tigris start
in Turkey and flow through Syria and Iraq where
they end in the Arabic Golf. Almost all the water
of the Euphrates and a major part of the Tigris
come from within the Turkish borders. Turkey
receive about 509 billion m3 of precipitation
annually, 38 % of this water end up as surface
water(6).
Groundwater aquifers in Iraq consist of
extensive alluvial deposits of the Tigris and
Euphrates rivers, and are composed of
Mesopotamian-clastic and carbonate formations.
The alluvial aquifers have limited potential
because of poor water quality. The
Mesopotamina-clastic aquifers in the northwestern foothills consist of Fars, Bakhtiari and
alluvial sediments. The Fars formation is made
up of anhydrite and gypsum interbedded with
limestone, and covers a large area of Iraq. The
Bakhtiari and alluvial formations consist of a
variety of material, including silt, sand, gravel,
conglomerate and boulders, with a thickness of
up to 6000 metres. Water quality ranges from
300 to 1000 ppm. Another major aquifer system
is contained in the carbonate layers of the Zagros
Mountains. Two main aquifers are found in the
limestone and dolomite layers, as well as in the
Quaternary alluvium deposits. The limestone
aquifer contributes large volumes of water
through a number of springs. The alluvial
aquifers contain large volume reservoirs, and
recharge is estimated at 620 mcm from direct
infiltration of rainfall and surface run-off. Water
quality is good, ranging from 150 to 1400
ppm(7),
Hardness Result of metallic ions dissolved in
the water; reported as concentration of calcium
carbonate. Calcium carbonate is derived from
dissolved limestone or discharges from operating
or abandoned mines. Decreases the lather
formation of soap and increases scale formation
in hot-water heaters and low-pressure boilers at
high levels (8).
Generally groundwater has higher hardness
than surface water. (9) defines soft water as that
has less than 60mg/l hardness as CaCO3 whereas
very hard water would have more than 180mg/l.
The total dissolved solid contents in ground
water may vary from 20mg/l in area of high
rainfall to over 100000 ppm in some desert
brines(10).
Based on public health service criteria
,sulfate concentration should not exceed 250mg/l
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because the water will have Forms hard scales
on boilers and heat exchangers; can change the
taste of water, and has a laxative effect in high
doses(11).
The two most important measures for
determining irrigation water quality are:
1. Total amount of dissolved salts in the water.
2. Amount of sodium (Na) in the water
compared to calcium (Ca) plus magnesium
(Mg).
The total dissolved salt content is estimated
by measuring well the water conducts electricity.
Salty water is a good conductor of electricity.
Electrical Conductivity (EC) is measured in
units of micromhos/cm (µmhoms/cm). The ppm
salt concentration of the water is estimated by
multiplying 0.65 times the EC value. Other
analytical procedures are used to measure the
amounts of individual chemicals, such as
sodium, in the water. The chemicals routinely
measured to determine irrigation water quality
follow: Electrical Conductivity (µmhos/cm),
Chloride (Cl) ,Sodium (Na) ,Nitrate (NO3),
Calcium (Ca) ,Carbonate (CO3) ,Magnesium
(Mg) ,Bicarbonate (HCO3) Sulfate (SO4)(8).
Water quality for irrigation purpose can be
understood by determining Sodium Adsorption
Ratio (SAR) and Sodium Percentage (Na %).
SAR is defined by (Karanth 1987)(10):
Na
SAR 
-----------1
Ca  Mg
2
Na% and SAR were calculated by using the
following formula:

Na% =



( Na  K )
* 100 --2
2
2


(Ca  Mg
 Na  K )

The Piper diagram not only shows
graphically the nature of a given water sample,
but also dictates the relationship to other
samples.To construct the Piper diagram, the
relative abundance of cations with the % meq/L
of Na++K+, Ca+,2 and Mg+2 is first plotted on the
cation triangle. The relative abundance of Cl-,
SO4-2, and HCO3-,CO3- 2 is then plotted on the
anion triangle. The two data points on the cation
and anion triangles are then combined into the

126

quadrilateral field that shows the overall
chemical property of the water sample(12).

5.RESULT & DISCUSSION
5-1.Effect Upstream Project
Turkey argues that the GAP is key to its
future economic development. Although both
Syria and Iraq are at pains to point out that they
respect Turkey's right to develop, both countries
fear that the GAP will result in serious
downstream impacts, including dramatically
reduced flow and increased levels of pollution.
Both countries also fear that Turkey is using the
GAP to establish control over the waters of the
Tigris and Euphrates as part of a wider policy of
establishing regional hegemony.
Good quality subterranean water has been
found in the foothills of the mountains in the
north-east of the country at 5-50 meters depth,
where the aquifer discharge is estimated at about
10 to 40 m3/sec, and was also found in the area
along the right bank of the Euphrates at a depth
up to 300 meters.
The estimated aquifer discharge stands at
13m3/sec. In other areas of the country
groundwater is also found, but always with a
salinity level higher than 1 mg/l.
Currently, ground water resources provide an
estimated 0.9 billion m3 of water annually
covering the needs of 64,000 ha of agricultural
land in areas where traditionally surface water
resources are not available or supplemented by
ground water supplies, namely in the
Governorates of Al-Anbaar, Ninewa, Tameem,
Salah El-Din, Kerbela'a, Najaf, Samawa and
Basrah.
Thousands of deep wells have been drilled so
far, by the State Company for Water Wells
Drilling, at rural sites where the surface water
network is not available.
The wells are of multi-purpose and used
for supplementary irrigation in winter, irrigating
the vegetables in summer, watering the livestock
and for domestic needs. Most recently, 1500
wells of up to 15 l/sec capacity each have been
drilled in study area governorate alone. Other
batteries of deep wells are drilled to supply
water directly to both urban and rural population
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Fig. (1):shows locations of studied area

5-2.pH
Figure (2). show average pH values of
groundwater range from (7.2-7.9) and (7.3-7.98 )
for 2000 and 2007 respectively, this shows that
the groundwater of the study area is slightly
alkaline in nature. The values were found to be
between the guide levels of 6.5 and 9.5
designated by the WHO guidelines and the EU
directive, The distribution of pH in the study
area is shown in figure (3) for 2000 and 2007
respectively.
5-3.Specific Ec At 25 °C
The EC has been used as a criterion in the
classification of drinking and irrigation waters
(16). According to the WHO guidelines
maximum of the EC is 2500 μS/cm at 25_C. Fig
(4). compared average EC values of groundwater
range from (802-6810)um/cm2 for 2000 water

year and (989-6925) um/cm2 for 2007, The
average
EC
values
in
well
nos.
4,5,6,7,8,10,11,12 and 20 were measured to be
above 2500 μS/cm for 2000 water year, the same
wells and well no.9 measured to be above 2500
uS/cm for 2007. As shown in Fig. (5), the
highest EC values were generally observed in
the NE Mosul city toward Tigris river. Previous
studies have reported soil salinity of these areas
to be fairly high as well .
5-4.Temeperature
According to seasons, the variation of the
temperature of groundwater provides some
information about its origin (16). The average
temperature of all measured well water was
approximately 20° C ,21 °C during the 2000 and
2007
water
year
Fig
(6).
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Table (1) : Ion concentration of ground water samples of the study area (ppm) of 2000 water year

location

catanion

anion

X

Y

Temp
°C

pH

E.C

TDS
Mg/l

TH
Mg/l

Ca++

Mg++

Na+

K+

CO3=

HCO3
-

SO4=

CL-

NO3
-

1

2.58

12.07

21

7.7

1260

716

560

156.31

41.22

16.1

1.56

6.45

206.79

2

5.08

12.23

19

7.4

1370

782

404

70.14

55.57

138

1.95

12

405.11

312.33

70.9

0

192.12

106.35

3

5.57

11.94

19

7.6

1021

458

1700

120.24

64.06

120

1.8

34

7

720

50

99.97

6.5

4

5.6

12.42

18

7.7

3930

2500

2600

200.4

201.3

215.38

4.5

5

5.6

6.58

17

7.5

3340

3780

4500

232

184.77

327.98

2.8

14

520

562.5

529.84

12.4

16

520

962.5

389.88

6

5.7

9.67
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Table (2): Ion concentration of ground water samples of the study area (ppm) of 2007 water year

location

cat anion

X

Y

1

2.58

12.07

Temp
°C
22.5

7.78

2

5.08

12.23

20.3

7.76

3

5.57

11.94

20

7.63

4

5.6

12.42

19

7.73

5

5.6

6.58

19

6

5.7

9.67

21.5

7

6.12

12.33

8

6.35

9

7.61

pH

E.C

Ca++

Mg++

anion

129

1345

TDS
Mg/l
752

TH
Mg/l
654

160.64

46.98

20.43

2.98

8.6

234.02

330.12

81

3

1467

801

567

83.22

65.76

145.76

2.44

13.8

418.2

213

125

10

1156

515

1964

139.34

77.01

143.11

3.01

37

765

76

134

11.1

4217

2665

2765

219.7

245.89

245.7

5.6

17

610

587

547

14.2

7.58

3432

4019

4700

244

356.21

3.7

20

546

990

423

4.1

7.54

2891

2453

5123

200.23

225.55

270.3

3.8

18

556

812

365

5.6

19.8

7.67

3672

3005

4709

153.67

255.81

184.23

3.4

15

489

711

453

16.8

11.81

22.9

7.51

5744

6500

6701

170.88

395.12

253.23

3.7

26

657

1976

534

15.6

13.81

22

7.72

2741

2019

2945

174.9

153.51

174.23

3.1

19

589

387

345

3.2

10

7.74

10.92

22.5

7.85

2990

2365

2745

156.77

144.71

254.78

4.01

17

564

315

468

9

11

7.89

11.99

22.8

7.7

4811

2761

1369

275.75

173.45

387.14

4.7

16

256

1345

389

4

12

7.9

12.23

24

7.56

6925

4365

2078

367.8

260.23

561.21

13.8

15

389.2

2230

366

3

13

8.29

13.09

20.8

7.71

1065

644

467

100.6

88.44

2.1

27

210

134

156

6

14

8.65

12.27

20.5

7.5

1068

687

397

89.56

32.51

145.9

2.4

20.2

243

148.5

98

30.3

15

8.91

13.07

19

7.59

1578

902

566

109.7

60.78

100.23

2.52

19

312

287

87

5.3

16

8.91

8.56

20

7.79

1579

856

674

120.6

66.34

109.12

2.67

26

256

297

98

60.5

17

9.35

4.18

20.3

7.64

1590

865

1067

99.7

68.12

90.78

6.75

17

218

220

87

70.4

18

9.86

10.59

20

7.98

1120

568

2790

201.6

88.09

85.34

2.96

19

543

176

256

18

19

10.17

12.77

22

7.3

989

599

2074

134.9

125.83

97.23

2.98

20.2

612

87

265

15

20

7..79

14.4

23

7.56

2956

2523

3405

290.7

75.8

376.21

10.4

17

547

579

512

13

200.51

54.08

Na+

K+

CO3=

HCO3-

SO4=

CL-

NO3-
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the present study it was found increase in
chloride concentration of 2007 compare with
2000 with ratio about 10% ,the highest chloride
values were generally observed in wells nos.
4,5,6,7,8,9,10,11,12,18,19 and 20 (Fig 8).

5-5.Chloride
Except the well numbers. 1, 2,3,13,14,15,16
and 17 the average chloride ion concentrations
were found to be more than WHO of 200 mg/l
and the EU directive for 2000,2007
respectively(Fig 7) .In
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Fig. (7):- Average chloride values of groundwater of 2000and 2007 water year
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WHO of 250 mg/l ,the WHO guidelines and
the EU directive as shown in (Fig9). Higher
sulphate concentrations result from thin
gypsiferous layers within the Pliocene aged
deposits. (Fig 10)
designation spatial
distribution sulphate in the study area

5-6.Sulphate
Sulphate is unstable if it exceeds the
maximum allowable limit of 460 mg/l and
causes a laxative effect on human (1). Except in
well nos.1, 4,5,6,7,8,9,10,11,12,15,16 and 20,
the average sulphate concentrations were found
more than the
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Fig (9):- Average Sulphate values of groundwater of 2000 and 2007 water year
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acceptable concentration of nitrate in drinking
water
is 40 mg/ groundwater accord to guideline
WHO, was well water numbers 15 and 17 above
the maximum admissible concentration of 40
mg/l for the quality of water intended for human
consumption in almost all groundwater samples
Fig. (11) and (12). This is probably the result of
the excessive use of artificial fertilizers in
intensive agricultural practices.

5-7.Nitrate
The concentration of nitrates in groundwater
is of primary concern due to potential human
health impacts from groundwater usage.
Depending on the use of the groundwater,
animals, crops, or industrial processes could also
be affected .The high concentration of nitrate in
drinking water is toxic and causes blue baby
disease/methemoglobinemia in children and
gastric carcinomas (17). The maximum
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Fig. (11):- Average Nitrate values of groundwater of 2000 and 2007 water year
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(TH) of groundwater was calculated using the
formula given below (18).
TH(mgCaCO3/l)=(Ca2++Mg2+)meq/l*50……1
For total hardness, the most desirable limit is
80–100 mg CaCO3/l (19). Groundwater
exceeding the limit of 300 mg CaCO3/l is
considered to be very hard (18). The average
total hardness values range from 247 to 5600mg
CaCO3/l with an average value of 2097.75 mg
CaCO3/l during the 2000-water year while The
average total hardness values range from 397 to
6701mg CaCO3/l with an average value of 2388
mg CaCO3/l during the 2007-water year . The
classification of groundwater based on total
hardness shows that a majority of the
groundwater samples fall in the very hard waters
category Fig. (1)3 and (14)

5-8.Total Hardness
The principal natural sources of hardness in
groundwater are dissolved polyvalent metallic
ions from sedimentary rocks, seepage, and runoff from soils. Calcium and magnesium, the two
principal ions, are present in many sedimentary
rocks, the most common being limestone and
chalk. There does not appear to be any
convincing evidence that water hardness causes
adverse health effects on

human. In contrast, the results of a number of
epidemiological studies have suggested that
water hardness may protect against disease.
However, the available data are inadequate to
prove any causal association (13). Total hardness
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Fig. (13):- Average Total hardness values of groundwater of 2000and 2007 water year
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5-9.Hydrochemical Facies
The geochemical evolution of groundwater
can be derstood by plotting the concentrations of
major cations and anions (20) trilinear diagram.
In this study, software was used for plotting the
Piper diagram. On the basis of chemical analyses
of 20 wellwaters from the shallow aquifer during
the 2000 and 2007-water year, groundwater is
divided into six facies( Fig 15).
Well nos.8 and 8,12 of 2000and 2007 water
year on the eastern side of river Tigris and near
limestones represent Ca–HCO3 faces.
Wellwaters numbers.9,10,11 and 20 of 2000
year and 7,9,10 and 11 of 2007 year represent
Na–Cl,
which reach to the clay containing gypsum
aged the Pliocene, represent Na– SO4 facies.
Well nos. 1,2,4,5,6,7,16,17,18, and 19 and
1,4,5,6,15,16,18,,19 and 20 of 2000and 2007
water year respectively.
Wellwaters numbers. 3,13,14 and 15 and
2,3,13,14 and 17 respectively represent as Na–
HCO3 faces, respectively (Fig. 15). Hydro
chemical faces of all waters is summarized in
Table 3. Ca–HCO3 and Na–SO4 are the
dominant hydro chemical faces in the study area.
5-10.Irrigation Water Quality
Excessive amounts of dissolved ions in
irrigation water affect plants and agricultural soil
physically and chemically, thus reducing the
productivity. The physical effects of these ions
are to lower the osmotic pressure in the plant
structural cells, thus preventing water from
reaching the branches and leaves. The chemical
effects disrupt plant metabolism. It is the
quantity of certain ions, such as sodium and
boron, rather than the total salt concentration
that affects plant development (21).
The analytical data plotted on the US salinity
diagram illustrates that 10% ,5% respectively of
the wellwaters fall in the field of C3-S1,
indicating water of high salinity and low sodium,
which can be used for irrigation in almost all
types of soil with little danger of exchangeable
sodium. 10%,5% of the well waters fall in the
field of C2-S2, indicating medium salinity and
medium alkalinity hazard, 5%,5% of the well
waters fall in the field of C2-S3, indicating
medium salinity and high alkalinity hazard.
15%,20% of the well waters fall in the field of
C3-S2, indicating high salinity hazard and
medium alkalinity hazard. 10%,15% of the well
waters fall in the field of C3-S3, indicating high
salinity and high alkalinity hazard, 5%,5% of the
well waters fall in the field of C4-S3, indicating
very high salinity and high alkalinity hazard,
45%,45% of the well waters fall in the field of
C4-S4, indicating very high salinity and very
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high alkalinity hazard, This can be suitable for
plants having good salt tolerance, and it also
restricts suitability for irrigation, especially in
soils with restricted drainage, All sampling
points on the US salinity diagram are shown in
(Fig 12) and summarized in Table 4.
The EC and Na% values plotted on the
Wilcox diagram illustrate that 50%and 50%
respectively of the well waters fall in the fields
of good-permissible,20% ,20% and 20%,25%
respectively of the well waters fall in the fields
of, doubtful-unsuitable and unsuitable for
irrigation, respectively. All sampling points on
the Wilcox diagram are shown in (Fig 17) and
summarized in Table 5.
5-11.CONCLUTIONS
During the 2000,2007-water year, monitoring
and hydrochemical analyses were carried out in
20 observation wells water which represent the
general plain and which were used for purposes
of drinking, usage and irrigation prior, but which
are currently used for usage water in general
because the quality of their water has
deteriorated
1- the groundwater of the study area is slightly
alkaline in nature
2- the highest EC values were generally
observed in the NE Mousl city toward Tigris
river. Previous studies have reported soil salinity
of these areas to be fairly high as well.
3- average temperature of all wells was
measured at approximately 20 °C ,21 °C during
the 2000 and 2007 water year.
4- It was found that increase in
CL
concentration during
2007 water year is
comprise to 2000 water year by 10%.
5Except
in
well
water
numbers.1,4,5,6,7,8,9,10,11,12,15,16 and 20, the
average sulphate concentrations were found
more than the WHO permissible level 250 mg/l
6- well water numbers 15 and 17 was above the
maximum admissible concentration of 40 mg/l
for the quality of water intended for human
consumption
7- The classification of groundwater based on
total hardness shows that a majority of the
groundwater samples fall in the very hard waters
category
8- Ca–HCO3 and Na–SO4 are the dominant
hydro chemical faces in the study area.
9- The EC and Na% values plotted on the
Wilcox diagram illustrate that 50%and 50%
respectively of the well waters fall in the fields
of good-permissible,20% ,20% and 20%,25%
respectively of the well waters fall in the fields
of, doubtful-unsuitable and unsuitable for
irrigation
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1

1

Fig. (15): Chemical faces of groundwater in Piper diagram
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Table. (3): Hydrochemical faces of all waters of 2000 and 2007 water year

Ca-HCO3

Total no.of wells
(2000)
1

Representing
wells (2000)
8

Cations
(2000)
Mg>Na>Ca

Anion
(2000)
SO4>HCO3>Cl

Total no.of wells
(2007)
2

Na-Cl

4

10

Ca-SO4

1

Na>Ca>Mg
Na>Ca>Mg
Na>Ca>Mg
Na>Ca>Mg
Ca>Mg>Na
Na>Ca>Mg
Na>Mg>Ca
Na>Ca>Mg
Na>Mg>Ca
Mg>Na>Ca
Na>Ca>Mg
Na>Ca>Mg
Ca>Mg>Na
Ca>Mg>Na
Na>Ca>Mg

HCO3>SO4>Cl
HCO3>Cl>SO4
SO4>Cl>HCO3
SO4>HCO3>Cl
SO4>HCO3>Cl
HCO3>SO4>Cl
Cl>SO4>HCO3
SO4>HCO3>Cl
SO4>HCO3>Cl
SO4>HCO3>Cl
SO4>HCO3>Cl
SO4>HCO3>Cl
HCO3>Cl>SO4
HCO3>Cl>SO4
SO4>HCO3>Cl

4

Na-SO4

9
10
11
20
1
2
4
5
6
7
16
17
18
19
12

Ca-Cl
Na-HCO3

4

3
13
14
15

Ca>Na>Mg
Na>Ca>Mg
Na>Ca>Mg
Na>Ca>Mg

HCO3>Cl>SO4
HCO3>Cl>SO4
HCO3>SO4>Cl
HCO3>SO4>Cl

5

9

Representing
wells (2007)
8
12
7
9
10
11
1
4
5
6
15
16
18
19
20

Cations
(2007)
Mg>Na>Ca
Na>Ca>Mg
Mg>Na>Ca
Ca>Na>Mg
Na>Ca>Mg
Na>Ca>Mg
Ca>Mg>Na
Mg>Na>Ca
Na>Ca>Mg
Na>Mg>Ca
Ca>Na>Mg
Ca>Na>Mg
Ca>Mg>Na
Ca>Mg>Na
Ca>Na>Mg

Anion
(2007)
SO4>HCO3>Cl
SO4>HCO3>Cl
SO4>HCO3>Cl
HCO3>SO4>Cl
HCO3>Cl>SO4
SO4>Cl>HCO3
SO4>HCO3>Cl
HCO3>SO4>Cl
SO4>HCO3>Cl
SO4>HCO3>Cl
HCO3>SO4>Cl
SO4>HCO3>Cl
HCO3>Cl>SO4
HCO3>Cl>SO4
SO4>HCO3>Cl

2
3
13
14
17

Na>Ca>Mg
Ca>Na>Mg
Ca>Na>Mg
Na>Ca>Mg
Ca>Mg>Na

HCO3>SO4>Cl
HCO3>Cl>SO4
HCO3>Cl>SO4
HCO3>SO4>Cl
HCO3>SO4>Cl
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Table (4): Irrigation water classes of all groundwater according to USA salinity diagram
Water
class

SAR/EC

Total no.
wells 2000

Representing
wells 2000

%
2000

Total no.wells
2007

Representing
wells 2007

%
2007

C3 - S1

SAR high
EC low

2

1,18

10

1

1

5

C2 – S2

SAR medium
EC medium

2

3,13

10

1

13

5

C2 – S3

SAR medium
EC low

1

14

5

1

14

5

C3 – S2

SAR high
EC medium

3

15,17,19

15

4

15,17,18,19

20

C3 – S3

SAR high
EC high

2

2,16

10

3

2,15,16

15

C4 – S3

SAR very high
EC high

1

9

5

1

9

5

C4 – S4

SAR very high
EC very high

9

4,5,6,7,8,10,
11,12,20

45

9

4,5,6,7,8,10,
11,12,20

45

Water class

Table (5): Irrigation water classes of all groundwaters according to Wilcox diagram
Representing
Total no.of
%
Representi
Total no. of
wells
wells 2000
2000
ng wells
wells 2007
2000
2007

%
2007

Unsuitable
Doubtful to
nsuitable

6
4

4,5,7,8,11,12
6,9,10,20

30
20

6
4

4,5,7,8,11,12
6,9,10,20

30
20

Good to
permissible

10

1,2,3,13,14,15,1
6,17,18,19

50

10

1,2,3,13,14,15,1
6,17,18,19

50

Very good to
good
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12

12

20
20

5 11

5

10

10
6

14

6
44

14

2

13
13

3
15

16 16
15

17

19

19

7

8
8

9

17

1
8

18

1

7

9

2

11

1

Fig. (16): Salinity and alkalinity hazard of irrigation water in USA salinity diagram of 2000 and 2007 Water year
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14

14
2

20 20

2

12

10
3
17
13 3

11

10

6

12

11

16

15
17
16
13
15
19
18

5

9

5

6
9

4
7

7

4
8

8

19

18

1
1

Fig. (17): Suitability of groundwater for irrigation in Wilcox diagram of 2000 and 2007 Water year
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ثوختة
ئةم ناوضةى تويَذينةوةى تيادا كـراوة كـةوتؤتـة رِؤذ هـةالتى رِوبارى دجيلة باكورى عرياق ثاريَزطاى نينوى
 وة تويَذينةوة,ناوضةيةكى كشتوكالية وة دةبينني بايةخ بة سةرضاوةئاويةكـان دةدريَت وةكـو ئاوى ذيَر زةوى
ئةوةى ئيَستا ئةوةى ديارى دةكات ئاستى لةيةك ضوون و طوجناوى ئةم جؤرة ئاوة بؤ كارى كشتوكاىل و بةكـار
)0222  تاكو0222(هيَنانى جؤراو جؤر وة بةراوورد كردنى جؤرى ئاوى ذيَر زةوى لة ناوضةكةدا لة نيَوان ساالنى
) بريكراوة بؤ ديـارى كردنـى جؤر و رِيزبةندى02(ضةنـد جؤرة ثشكنني و شيكردنـةوةى كيميايى بـو منونةى
ئاوةكـان وة لــةيةكضونيان لةطةل خسلةتةكان بؤ ديارى كردنى ئاستى بةكارهيَنانيان بؤ كارى جؤراو جؤر وة
–ثيَوانةى ئةم جؤرانةى بؤ كرا (صؤديؤم– مغنيسيؤم– كلؤريدات – كاربؤنات– بيكاربؤنات– ثؤتاسيؤم – كربيتات
وة خةستى طشتى بؤ خويًى توواوة (امالح ذائبة)وة ثيَوانةى طةياندنى كارةبا و منرةى هيدرؤجينى وة دةرئةجنةكان
 بةكارهيَنانى بؤ خوواردنةوة يان كشتوكاىلWHO بةراورد كران لةطةل ئةجنامةكانى رِيَكخراوى تةندروستى جيهانى
.( EU ) وة بةراورد كرا لةطةل تاقيطةى ئاستى خويى (ملوحة) ئةمريكى لةطةل يةكيَتى ثةوروثى
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الخالصة
التصميم غير مناسب ،الخطط الفاشلة وغياب االدارة الصحيحة في تشغيل خطط الري أدى إلى تردي نوعية المياه
الجوفية في كثير من الدول وبشكل دقيق ادى الى جاف المناطق.
تعد منطقة الدراسة الواقعة شرق نهر دجلة-شمال العراق(محافظة نينوى) منطقة زراعية لذا نالحظ وجود اهتمام
بالموارد المائية والمتمثلة بالمياه الجوفية ،تتناول الدراسة الحالية تحديد مدى مطابقة ومالئمة هذه المياه
لألغراض الزراعية واالستخدامات المختلفة ومقارنة نوعية المياه الجوفية في المنطقة خالل فترتين من الزمن خالل
سنة  0222و .0222
تم أجراء تحاليل كيميائيه لنماذج  02بئراً لغرض تصنيف نوعية المياه ومطابقتها مع المواصفات لتبين مدى صالحيتها
لالستخدامات المختلفة اذ تم قياس كل من الصوديوم والمغنسيوم والكلوريدات والكاربونات والبيكاربونات والبوتاسيوم
والكبريتات والتركيز الكلي لألمالح الذائبة وقياس التوصيل الكهربائي والرقم الهيدروجيني وتم مطابقة النتائج مع
بيانات منظمة الصحة العالمية( )WHOألغراض الشرب أما الزراعة فتم مقارنتها مع مختبر الملوحة األمريكي واالتحاد
األوربيEU.
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ABSTRACT
By a localization property we mean a property that preserved under localizing modules at multiplicative closed
sets. The aim of this paper is to find conditions under which we can transfere a certain property of a given module to
its localization at multiplicative closed sets and conversely, that means we determine those conditions which make a
given property of a module as a localization property, so we give several conditions under which certain types of
modules posses localization property.
KEYWORDS : primal, supplement, hollow, lifting, coatomic, reduced.

1. INTRODUCTION

L

et R be a commutative ring with
identity. Let M be an R  module. A
proper submodule N of M is called a small ( or
a superfluous ) R  module [9], denoted by
N ˂˂ M , if N  L  M for every proper
submodule L of M and it is called a maximal
submodule of M if L is any submodule of M
such that N  L  M then N  L or L  M and
Rad M  intersection of all maximal submodules
of M [10]. M is called coatomic if every proper
submodule of M is contained in a maximal
submodule and it is called a radical module if
Rad M  M and M is called a reduced module
if P(M )  0 , where P(M )  the sum of all
radical submodules of M [8]. We define
N : M  {r  R : rM  N} . M is called a local
module [4] if it has a largest proper submodule
and it is shown in [11] that an R  module M is
local if and only if Rad M is a maximal
submodule of M and Rad M ˂˂ M . An element
r  R is called prime to N if rm  N , where
m  M then m  N [1]. Thus an element r  R
is not prime to N if rm  N , for some
m  M  N . We denote the set of all elements of
R that are not prime to N by S (N ) , so that
S ( N )  {r  R : rm  N , for some m  M  N} and
N is called a primal submodule if S (N ) forms
an ideal of R . It is known that if R is a
commutative ring with identity and S is a
multiplicative closed set in R then RS is a
commutative ring with identity (the localization
of R at S )[5, p 62]. Finally, if M is an
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R  module then one can easily make M S as an
RS  module under the module operations
m m s m  sm
r m rm
and
, for all



s
s
ss 
t s
ts
r
m m
 RS and all
,  M S , so that when we
t
s s
say M S is a module we mean M S is an

RS  module [6, p 74].

2. SOME BASIC PRELIMINARIES
It is known that if a submodule N of an
R  module M is prime then ( N : M ) is a prime
ideal of R [3] and if N is a primal submodule of
M then S (N ) is a prime ideal of R [2] (and
hence a primal ideal of R ). If N , L are
submodules of M and S is a multiplicative
closed set in R then one can easily show that
( L  N ) S  LS  N S and ( L  N ) S  LS  N S .
Also, one can prove that N S is a submodule of
x
 0 then
s
qx  0 and if

M S . If x  M and s  S such that

q  S , we have
r
r  R , s  S then M S  (rM ) S .
s
Throughout this paper R is a commutative ring
with identity and M is a unitary R  module.

for some

3. MAIN RESULTS
It is known that every strongly prime
submodule is a prime submodule but the
converse is not true in general
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( see [7, Example 2.2] ). In this work, we
generalize the result in [7, Theorem 2.3] to
prime submodules.
Proposition 3.1. Let M be an R  module and
N is a proper submodule of M . Then N is
prime if and only if for every ideal I of R and
every submodule L of M with IL  N then
L  N or I  ( N : M ) .
Proof. Let N be prime and I is an ideal of R
and L is a submodule of M with IL  N and
L  N . Then
there exists x  L and x  N . Now, for all
y  I we have yx  IL  N and as N is prime
we get
y  ( N : M ) and so I  ( N : M ) .
Conversely, suppose that the given hypothesis
holds. Let for any r  R and m  M we have
rm  N . Then r  is an ideal of R and Rm is a
submodule of M . If t   r  and b  Rm , then
t  sr and b  am for some s , a  R . So that
which
gives
that
tb  sram  sarm  N ,
r Rm  N . Then by the given condition we
have Rm  N or r  ( N : M ) , the former case
gives m  N and the later one gives r  ( N : M ) .
Hence N is a prime submodule of M . ■
Corollary 3.2. Let M be an R  module and N
is a proper submodule of M . Then N is prime
if and only if for any y  R and every
submodule L of M with yL  N , then L  N
or y  ( N : M ) .
Proof. Suppose that N is prime and let y  R
and L is a submodule of M with yL  N .
Clearly  y is an ideal of R and yL  N gives
 y L  N and as N is prime by Proposition 3.1,
we get L  N or  y  ( N : M ) , the last case
gives y  ( N : M ) .
Conversely, suppose that the given condition
holds. To show that N is prime. Let I be any
ideal of R and L be any submodule of M such
that IL  N . As I   , take y  I and then we
have yL  N so by the condition we get L  N
or y  ( N : M ) , this last possibility gives
I  ( N : M ) and thus by Proposition 3.1, we get
N is prime. ■
Proposition 3.3. Let M be an R  module and
N is a proper submodule of M . Then we have
S ( N : M )  S ( N ) ( and hence ( N : M )  S ( N ) ).
Proof. Let r  S ( N : M ) , that means rs  N : M
for some s  N : M , so that rsM  N and

sM  N , which gives that sm  N for some
m  M and then rsm  N so that r  S (N ) and

thus S ( N : M )  S ( N ) . ■
Proposition 3.4. Let M be an R  module. If N
is a primal submodule of M , then ( N : M ) is a
primal ideal of R .
Proof. Since 1 ( N : M ) and 0  R such that
0.1  0  ( N : M ) so that 0  S ( N : M ) and thus
  S ( N : M )  R . Let r , s  S ( N : M ) , then
ra  N : M and sb  ( N : M ) for some and
a , b  ( N : M ) . Then raM  N , sbM  N , from
which we get rabM  N and sbaM  N , so that
we get (r  s)abM  N and that means
(r  s)ab  ( N : M ) and as a  ( N : M ) we get
(r  s)b  S ( N : M ) . If r  s  S ( N : M ) , then we
have
r  s  ( N : M ) , this gives b  ( N : M ) ,
which is a contradiction and thus we get
r  s  S ( N : M ) . Let c  R , then rcaM  N , so
that rca  ( N : M ) . Since a  N : M , we get
rc  S ( N : M ) and so S ( N : M ) is an ideal of R .
Hence ( N : M ) is a primal ideal of R . ■
Definition 3.5. Let M be an R  module. We
call a proper submodule N of M as a
complementary submodule of M if r  R is
such that rx  N for some x  N then ry  N for
all
Also,
we
define
yN .
N : r  {x  M : rx  N} .
Proposition 3.6. Let M be an R  module and
N is a complementary submodule of M and
( N : M ) is a primal ideal of R , then N is a
primal submodule of M .
Proof. To show S ( N )  S ( N : M ) . Clearly
Now,
suppose
that
S(N : M )  S(N ) .
S ( N )  S ( N : M ) , so that there exists r  S (N )
and r  S ( N : M ) , then rx  N for some x  N
and r  ( N : M ) , so that rm  N for some m  M
and then we get m  N . As N is complementary
we get rx  N which is a contradiction, so
S ( N )  S ( N : M ) . Hence S ( N )  S ( N : M ) . Now,
since ( N : M ) is a primal ideal of R , so that
S ( N : M ) is an ideal of R and so that S (N ) is an
ideal of R and thus N is a primal submodule of
M.■
Combining Proposition 3.4 and Proposition 3.6,
we get the following corollary.
Corollary 3.7. Let M be an R  module and N
is a complementary submodule of M , then N is
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a primal submodule of M if and only if ( N : M )

that qurm  qstn  N , for some q  S . As m  N ,

is a primal ideal of R .
Proposition 3.8. Let R be a commutative ring
with identity. If   A  R and S is a
multiplicative closed set in R such that
S ( A)  S   , then A is an ideal of R if and
only if AS is an ideal of RS .
Proof. Let A be an ideal of R . To show AS is

we get qur  S (N ) and thus

r
a a
an ideal of RS . Let ,  AS and  RS
t
s s


where a , a  A , r  R and s , s , t  S . Then
a a  s a  sa 
 
 AS and also we have
s s
ss 
r a ra
a r ar

 AS and

 AS , so that AS
t s ts
s t
st
is an ideal of RS . Let AS be an ideal of RS .
Let a , b  A and r  R , then for any s  S we
r
a b
 RS ,
,  AS
have
and
then
s
s s
ab a b
ab c
   AS , so that
 , for some
s
u
s
s s
c  A and u  S , then there exists v  S such
that vu (a  b)  vsc  A . If a  b  A then we get

and thus vu  S which is a
contradiction, so that a  b  A . Also we have
vu  S (A)

ra a 
ra r a


 AS , so that
and then there
ss s 
ss s s
exists s  S such that ssra  sssa  A . If
ra  A then s s   S (A) and thus ss   S , which

is a contradiction so that ra  A . By a similar
argument we get ar  A . Hence A is an ideal of
R.■
Corollary 3.9. Let M be an R  module and N
is a submodule of M . If S is a multiplicative
closed set in R such that S ( N )  S   , then
S (N ) is an ideal of R if and only if (S ( N )) S is
an ideal of RS .
Proof. Put S ( N )  A in Proposition 3.8, the result
follows. ■
Theorem 3.10. Let M be an R  module and S
is a multiplicative system in R . If N is a proper
submodule of M such that S ( N )  S   then
S ( N S )  (S ( N )) S .
Proof. To show that S ( N S )  (S ( N )) S . Let
r
 S ( N S ) , where r  R and s  S . Then
s
rm
m
 N S , for some
 N S , which gives
s t
t
rm n
 , for some n  N , u  S and m  N , so
st
u
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r qur

 ( S ( N )) S .
s qus

Hence we have S ( N S )  (S ( N )) S .
r
 ( S ( N )) S , for r  S (N )
s
s  S . So that rm  N , for some m  N
m m
m

 N S , then
, for some m  N
s
s
s
s   S . Then qs m  qsm  N and as m  N
get qs  S (N ) and as S ( N )  S   we

Conversely, let

and
. If
and

we
get
qs   S that is a contradiction. Hence we get
r m rm
m

 N S , we have
 N S and as
s s
ss
s
r
 S ( N S ) , thus (S ( N )) S  S ( N S ) . Hence
s
S ( N S )  (S ( N )) S . ■

Theorem 3.11. Let M be an R  module and S
is a multiplicative system in R . If N is a proper
submodule of M such that S ( N )  S   then
N is primal if and only if N S is a primal
submodule of M S .
Proof. Let N S  M S , then if x  M we get
x
x y
 M S  N S , for s  S , so that
 , for
s
s t
some y  N and t  S . Thus we have
qtx  qsy  N , for some q  S . As qt  S we
have qt  S (N ) and thus we get x  N . Hence
M  N which is a contradiction and thus
N S  M S , that means N S is a proper
submodule of M S . Let N be primal so that
S (N ) is an ideal of R and thus by Corollary 3.9,
we have (S ( N )) S is an ideal of RS that means
S ( N S ) is an ideal of RS and thus N S is a
primal submodule of M S . By Theorem 3.10, we

S ( N S )  (S ( N )) S , from which we
conclude that S (N ) is an ideal of R if and only
if S ( N S ) is an ideal of RS and so that N is a
have

primal submodule of M if and only if N S is a
primal submodule of M S . ■
Example 3.12. Consider the Z  module Z 6
and the submodule N  {0 , 2 , 4} of Z 6 . If we
take the multiplicative closed set S  {1,1} in
Z then we have ( N : 1)  {x  Z 6 :  x  N}  N
and also we have ( N : 1)  {x  Z 6 : x  N}  N ,
that means N : s  N , for all s  S .
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Proposition 3.13. Let M be an R  module and
S is a multiplicative closed set in R . If N is a
proper submodule of M such that N : s  N for
all s  S then N is prime if and only if N S is a
prime submodule of M S .
Proof. Let N be a prime submodule of M . Let
r x
r
x
 RS ,  N S we have
 N S so that
s
t
s t
rx y

for some y  N and u  S then
st u
qurx  qsty  N for some q  S and as N is a

the multiplicative closed set S  {2 , 4} in the
then
we
have
Z 6  module
Z6 ,
({0} : S )  {x  Z 6 : Sx  {0}}  {0 , 3}  {0} .
Lemma 3.16. Let M be an R  module and S is
a multiplicative close set in R . If N  is a
submodule of M S the there exists a submodule
N of M such that N   N S . Furthermore, N is
a proper submodule of M if and only if N S is a
proper submodule of M S .
Proof. Since S   , let s  S be any element and

prime submodule of M we have x  N or

let N  {x  M :

for

qurM  N

from which we get

x
 NS
t

or

qur
r
MS 
M S  (qurM ) S  N S and thus N S
s
qus

sx
sx tx
for
 N } (note that

s
s
t

all s, t  S , so there is no any confusion if we
take any other element such t  S to define N ).
We will show N is a submodule of M . Clearly

s0
 N  , so that   N  M . Let x , y  N
s
and
Then
we
have
rR .
s( x  y) sx  sy sx sy

   N ,
so
that
rm
 NS
that rm  N then for s  S we have
s
s
s
s
s s
s(rx) rs sx

 N  , so that rx  N
x  y  N and
m
 N S or
and as N S is prime we get
s
s s
s
and thus N is a submodule of M . To show that
r
m
m n
M S  N S . If
 N S then

for some
x
N   N S . Let x  N  , then x   , for some
s
s
s
t
u
n  N and t  S so we get qtm  qsn  N for
xM
uS .
and
Now,
we
have
some q  S from which we get m  N : qt  N
sx u ( sx) us x us



x   N  and thus x  N , so
r
s
us
s u
s
and if M S  N S then we have (rM ) S  N S .
s
x
that x    N S and hence N   N S and if
Now, let x  M . Then rx  rM and hence for
u
rx
n
 (rM ) S  N S then
any s  S we have
for some n  N and v  S ,
x  N S , then x  
s
v
rx n
sn
n 1 sn

for some n  N and t  S thus
 N  , so that x   
 N
then clearly
s
t
s
v v s
qtrx  qsn  N for some q  S and hence
and thus N S  N  . Hence N   N S . Now, let
rx  N : qt  N therefore rM  N . Hence M is
N  M . If N S  M S , then for any x  M , we
a prime submodule of N . ■
x
x a
have  N S , so that  , for some a  N
Definition 3.14. Let M be an R  module. If N
s
s l
is a submodule of M and S is a non empty
sa
 N ,
lS ,
and
thus
then
subset of R . We define N : S  {x  M : Sx  N} .
s
sx s sx ss x ss a s sa
As a special case we have M : S  M for each




 N
and thus
multiplicative closed set S in R and if
s
s s
s s
s l l s
x  N , so that N  M , which is a contradiction
then
we
have
N  {0 M }
so
{0 M } : S  {x  M : Sx  {0 M }}  {x  M : Sx  {0 M }}  N S  M S . Now, let N S  M S and if N  M

is a prime submodule of M S .
Conversely, suppose that N S is a prime
submodule of M S . Let r  R , m  M be such

0

{x  M : sx  0 M , for all s  S} .

then clearly N S  M S which is a contradiction
and thus N  M . ■
Proposition 3.17. Let M be an R  module and
S is a multiplicative closed set in R with
(0 : S )  {0} . Then a submodule N of M is

Example 3.15. If we take the zero submodule
{0} of the Z  module Z 6 and the multiplicative
Z
S  {1,1}
closed
set
in
then
{0} : S  {x  Z 6 : Sx  {0}}  {0} and if we take

411

J. Duhok Univ., Vol. 15, No.1 (Pure and Eng. Sciences), Pp 144-152, 2012

essential in M if and only if N S is essential in
MS .
Proof. Let N be essential in M and let L be
any submodule of M S such that N S  L  {0}
then by Lemma 3.16, we have L  LS for some
submodule L of M and thus N S  LS  {0}
this implies that ( N  L) S  {0} . Let x  N  L ,
x
x
 ( N  L) S  0 S and thus  0
s
s
which gives that qx  0 for some q  S and thus

if s  S then

x  (S : 0)  0 so that x  0 and N  L  0 and as

N is essential we get L  0 and hence
L  LS  0 and thus N S is essential in M S .

Conversely, let N S be essential in M S . If L is
any submodule of M such that N  L  0 then
is a submodule of
and
LS
MS
is
N S  LS  ( N  L) S  0 S  0 . As
NS
essential in M S we get LS  0 . Now let l  L
then for s  S we have

l
 LS  0 and hence
s

l
 0 so that pl  0 for some p  S which gives
s

that
l  S : 0  0 and thus l  0 . Hence L  0 and so
that N is essential in M . ■
Example 3.18. Consider the Z 6  module Z 6 .
The proper submodules of Z 6 are {0} , {0 , 2 , 4}
and {0 , 3} . If we take the multiplicative closed
set S  {1, 5} , then it is easy to check that
and
{0} : {1, 5}  {0} ,
{0 , 2 , 4} : {1, 5}  {0 , 2 , 4}
{0 , 3} : {1, 5}  {0 , 3} . If we take the multiplicative
closed
set
then
S  {1, 3} ,
{0} : {1, 3}  {x  Z 6 : {1, 3}x  {0}}  {0} .
Proposition 3.19. Let M be an R  module, S
be a multiplicative closed set in R and N is a
proper submodule of M . If for each proper
submodule K of M , we have K : s  K , for all
s  S , then
(1) N ˂˂ M if and only if N S ˂˂ M S .
(2) N is a supplemented submodule of M if
and only if N S is a supplemented submodule of
MS .
(3) M is a hollow R  module if and only if
M S is a hollow R  module.
(4) M is a lifting R  module if and only if M S
is a lifting R  module.
Proof. (1) Let N ˂˂ M . Suppose that L is a
submodule of M S such that N S  L  M S ,
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then by Lemma 3.16, L  LS for some
submodule L of M and so N S  LS  M S
which gives that ( N  L) S  M S . If x  M
then for s  S (since S   ) we have

x
MS
s

x nl
for some n  N , l  L and

s
t
t  S , so we get qtx  qsn  qsl  N  L and thus

and thus

x  ( N  L) : p  N  L . Hence

M  N  L . So

N  L  M . As N is small we get L  M and
thus L  LS  M S so that N S ˂˂ M S .

Conversely, let N S ˂˂ M S . If L is a submodule
of
with
then
NLM
M
N S  LS  ( N  L) S  M S . As N S ˂˂ M S we
get LS  M S . Now, if m  M , then for any
m
m l
 LS , that means
 , for
s
s t
some l  L and t  S then for some q  S we
s  S , we have

have qtm  qsl  L , thus m  L : qt  L , so that
L  M and thus N ˂˂ M .
(2) Let N be a supplemented submodule of M ,
so that N is a supplement of some submodule L
of M and thus N  L  M and N  L ˂˂ N .
Then clearly N S  LS  ( N  L) S  M S and by
part (1) we get N S  LS  ( N  L) S ˂˂ N S , so
that N S is a supplement of LS in M S and thus
N S is a supplemented submodule of M S .
(3) Let M be a hollow R  module and N  be
any proper submodule of M S , then N   N S ,
for some submodule N of M . As N S is proper
in M S we get N is proper in M so that
we get
N ˂˂ M and thus by part (1)
N   N S ˂˂ M S . Hence M S is a hollow
R  module.
(4) Let M be a lifting R  module. To show
M S is a lifting R  module, let N  be any
submodule of M S , so that N   N S for some
submodule N of M . As M is lifting there exist
submodules K , L of M such that M  K  L
KN
N  L ˂˂ L . Clearly,
with
and
M  K  L , so that M S  ( K  L) S  K S  LS
x
 K S  LS , where x  M , s  S then
s
x k l
 
for some k  K , l  L and t , u  S .
s t u
Hence there exist
such that
p,q  S

and if

ptx  psk  K and qux  qsl  L , thus pqutx  K

and pqutx  L , so that pqutx  K  L  {0} and
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x p q u t

0,
s p q u t
K S  LS  {0} . Hence M S  K S  LS
we
have
KS  NS

then

pqutx  0 ,

x
so
s

that

and also
and
N S  LS  ( N  L) S ˂˂ LS . Hence M S is a
lifting R  module. Conversely, suppose that
M S is a lifting R  module. Let N be any
submodule of M then N S is a submodule of
M S . Hence there exist submodules K S , LS of
M S , where K , L are submodules of M , such
that M S  K S  LS with K S  N S and
N S  LS ˂˂ LS . We proceed as in the first part
and we get M  K  L with K  N and
N  L ˂˂ L . Hence M is a lifting R  module. ■
Example 3.20. In the Z  module Z 6 , the only
proper submodules of Z 6 are {0},{0 , 2 , 4} and
{0 , 3} . Consider the multiplicative closed set
in
We
have
S  {1, 5}
Z6 .
for
some
S ({0})  {m  Z 6 : mx  {0}
x  {0}}  {m  Z 6 : mx  0 , for some x  0} 
{0 , 2 , 3 , 4} (which is not an ideal of Z 6 and so
that {0} is not a primal ideal of Z 6 ) and clearly
we have S ({0})  S   . Also we have
S ({0 , 2 , 4})  {m  Z 6 : mx  {0 , 2 , 4} for some
for
x  {0 , 2 , 4}}  {m  Z 6 : mx  {0 , 2 , 4} ,
and
clearly
x {1, 3 , 5}}  {0 , 2 , 4}
Finally,
we
have
S ({0 , 2 , 4})  S   .
for
some
S ({0 , 3})  {m  Z 6 : mx {0 , 3}
x  {0 , 3}}  {m  Z 6 : mx  {0 , 3} , for
and
clearly
x {1, 2 , 4 , 5}}  {0 , 3}
S ({0 , 3})  S   , so that S ( N )  S   , for every
proper submodule of the Z 6  module Z 6 .
Lemma 3.21. Let M be an R  module and S is
a multiplicative closed set in R such that
S ( K )  S   , for every submodule K of M , a
submodule N is a maximal submodule of M if
and only if N S is a maximal submodule of M S .
Proof. Suppose that N is a maximal submodule
of M . To show N S is a maximal submodule of
M S . As N is a proper submodule of M , we
have N S is a proper submodule of M S . Let L
be any submodule of M S such that
N S  L  M S , then by part (1), we have
L  LS for some submodule L of M and so
that we have N S  LS  M S . To show N  L .
Let x  N , then

x l
x
 LS , so that  , for l  L
s
s t

and t  S , then ptx  psl  L , for some p  S . If
x  L , then pt  S (L) and as S ( L)  S   , so
that pt  S which is a contradiction, and thus
x  L . Hence N  L  M and as N is maximal
so that N  L or L  M . This implies N S  LS
or LS  M S , so that N S is a maximal
submodule of M S . The converse part can be
done similarly. ■
Lemma 3.22. Let M be an R  module and S is
a multiplicative closed set in R such that
S ( K )  S   , for every submodule K of M ,
then
(1) If N is any submodule of M , then
Rad N S  (Rad N) S .
(2) If N and L are submodules of M , then
N  L if and only if N S  LS .
(3) P(M S )  ( P(M )) S .
Proof. (1) Let a  Rad N S . Then a  

a
, for
s

a  N and s  S . Let L be any maximal
submodule of N then by Lemma 3.21, LS is a
maximal submodule of N S
and thus

a
a l
 LS , then
 , for some l  L and
s t
s
t  S , thus pta  psl  L . If a  L then
a 

pt  S (L) and as S ( L)  S   , we get pt  S

which is a contradiction so that a  L and so
a  Rad N , so that a  

a
 (Rad N) S . Hence
s

Rad N S  (Rad N) S .
Conversely, suppose that x  (Rad N) S , so that
x
, for some x  Rad N and u  S . Let L
u
be any maximal submodule of N S , then by
Lemma 3.16, we have L  LS , for some
x 

submodule L of N and as LS is maximal by
Lemma 3.21, we get L is a maximal submodule
of N , so that x  L and so x  

x
 LS  L 
u

x   Rad N S ,
and
hence
so
that
(Rad N) S  Rad N S .
Hence
Rad N S  (Rad N) S .
(2)
Let N  L , then clearly N S  LS .
Conversely, let N S  LS to show that N  L .
Let n  N , then for an s  S ( S   ), we have

n l
n
 LS , so that  , for some l  L and t  S ,
s
s t
then ptn  psl  L , for p  S and if n  L , then
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pt  S (L) and as S ( L)  S   we must have
pt  S which is a contradiction, and so n  L ,
that gives N  L and by the same way we get
L  N . Hence N  L .
 , where N
 is a
(3) Let x   P( M S ) 
N
 
submodule of M S with Rad N  N , for each
   . By Lemma 3.16, for each    we have
  ( N ) S , where N is a submodule of M ,
N
and thus Rad (( N ) S )  ( N ) S , then by what
we have shown in part (2), we get (Rad N ) S 
Rad( ( N ) S )  ( N ) S , and by part(2), we get



Rad N  N , for each    . As x  

 N ,

 
there exists a positive integer m with a finite

subset J  { i }im1 of  such that x  

m

 n i ,

i 1



where n  N and N  ( N ) S , so that
i

i

i

i

Rad (( N ) S )  ( N ) S ,
i
i
Rad( ( N ) S )  ( N ) S
i
i

(Rad N ) S 
i
and Rad N  N .
i
i

each i (1  i  m) , we have
  ( N ) S and thus for each i (1  i  m) , we
n
i
i

Now,

for

n
have n  i , where n  N and si  Si ,
i
i
i
si
then we have

x 

m



i 1

 
n
i

m n



i 1

si

i



m

 s1s2 ...si 1si 1...sm n i

i 1

m



 ( N ) S  ( P( M )) S
i
s1s 2 ...s m
i 1
, so that P(M S )  ( P(M )) S . In a similar

argument we can prove that ( P(M )) S  P(M S ) .
Hence P(M S )  ( P(M )) S . ■
Remark 3.23. If S is a multiplicative closed set
in R , then for any proper submodule N with
S ( N )  S   , then for any p  S , we have
N : p  N . Let x  N : p and then px  N . If
x  N then we have p  S (N ) , so that p  S
which is a contradiction, so that x  N and so
that N : p  N . Hence N : p  N .
Proposition 3.24. Let M be an R  module and
S is a multiplicative closed set in R such that
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S ( K )  S   , for every proper submodule K of
M , then
(1) M is coatomic if and only if M S is

coatomic.
(2) M is reduced if and only if M S is reduced.
(3) M is a local R  module if and only if M S
is a local RS  module.
Proof. (1) Let M be a coatomic module and N 
be any proper submodule of M S , then by
Lemma 3.16, we have N   N S for some
submodule N of M and as N S is a proper
submodule of M S , by Lemma 3.16, we have N
is a proper submodule of M . Then N  L , for
some maximal submodule L of M . Then by
Lemma 3.21, we have LS is a maximal
submodule of M S with N   N S  LS and thus
M S is coatomic.
Conversely, suppose that M S is a coatomic
R  module and let N be a proper submodule of
M , then by Lemma 3.16, N S is a proper
submodule of M S , so that N S  L , where L
is a maximal submodule of M S and then by
Lemma 3.16, we have L  LS for some
maximal submodule L of M with N S  LS
and by what we have shown in part (2) of
Lemma 3.22, we get N  L , so that M is a
coatomic R  module.
(2) Let M be reduced, so that P(M )  0 and by
part (3) of Lemma 3.22, we have
P(M S )  ( P(M )) S  0 . Conversely, suppose that
P(M S )  0 and to show P(M )  0 . Let
x  P(M ) , then for any s  S we have
x
 ( P( M )) S  P( M S )  0
and
so
that
s
qx  0  {0} , for some q  S . If x  0 , so that
x  {0}

and thus
and as
q  S ({0})
S ({0})  S   , we must have q  S which is a
contradiction so that x  0 . Hence P(M )  0 .
(3) Suppose that M is a local R  module. To
show M S is a local RS  module. By Lemma
3.22, we have Rad M S  (Rad M ) S . As M is a
local, we have Rad M is a maximal submodule
of M and Rad M ˂˂ M . Then by Lemma 3.21,
we have (Rad M ) S is a maximal submodule of
and
by
the
above
remark
MS
(Rad M ) : s  Rad M , for all s  S , so by
Proposition 3.19, we have (Rad M ) S ˂˂ M S ,
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that is, Rad M S is a maximal submodule of M S
and Rad M S ˂˂ M S and thus M S is a local
RS  module. The proof of the converse part can
be done similarly. ■
Remark 3.25. If P is a prime ideal of R , then
R  P is a multiplicative closed set in R , then
for any proper submodule N with S ( N )  P we
have
(1) S ( N )  ( R  P)   .
(2) If p  P , then to show N : p  N , so let
x  N : p and then px  N . If x  N then we
have p  S ( N )  P , which is a contradiction so
that x  N and so that N : p  N . Hence
N : p  N , so that we can give the following
corollary.
Corollary 3.26. Let M be an R  module and P
is a prime ideal of R such that S ( K )  P , for
each proper submodule K of M , then:
(1) M is coatomic if and only if M P is
coatomic.
(2) M is reduced if and only if M P is reduced.
(3) M is a hollow R  module if and only if
M P is a hollow R  module.
(4) M is a lifting R  module if and only if M P
is a lifting R  module.
(5) M is a local R  module if and only if M S
is a local RS  module.
(6) A submodule N of M is a maximal
submodule of M if and only if N P is a
maximal submodule of M P .
(7) If N is a proper submodule of M then S (N )
is an ideal of R if and only if S ( N P ) is an ideal
of R P .
(8) If N is a proper submodule of M then N is
primal if and only if N P is primal.
(9) If N is a proper submodule of M then N is
essential in M if and only if N P is essential in
MP .
(10) If N is a proper submodule of M then
N ˂˂ M if and only if N P ˂˂ M P .
(11) If N is a proper submodule of M then N
is a supplemented submodule of M if and only
if N P is a supplemented submodule of M P .
(12) If N is a proper submodule of M then
Rad N P  (Rad N ) P .
Remark 3.27. If R is a local ring with the
unique maximal ideal P and if N is any primal

submodule of M , then S (N ) is an ideal of R
and thus S ( N )  P .
Corollary 3.28. Let R be a local ring with the
unique maximal ideal P and M is an
R  module. If N is a primal submodule of M ,
then:
(1) M is coatomic if and only if M P is
coatomic.
(2) M is reduced if and only if M P is reduced.
(3) M is a hollow R  module if and only if
M P is a hollow R  module.
(4) M is a lifting R  module if and only if M P
is a lifting R  module.
(5) M is a local R  module if and only if M P
is a local RP  module.
(6) N is a maximal submodule of M if and only
if N P is a maximal submodule of M P .
(7) N is an essential submodule of M if and
only if N P is essential in M P .
(8) N ˂˂ M if and only if N P ˂˂ M P .
(9) N is a supplemented submodule of M if
and only if N P is a supplemented submodule of
MP .
(10) Rad N P  (Rad N ) P .
Remark 3.29. let R be a commutative ring with
identity and S is the set of all units of R , then
clearly 0  S and for u , v  S we have uv  S , so
that S is a multiplicative closed set in R , also
we have 1  S . Now, let M be an R  module
and N is a primal submodule of M . If
S ( N )  S   then there exists s  S (N ) and
s  S , so that s is a unit and as S (N ) is an ideal
of R , we get S ( N )  R which is a contradiction.
Hence S ( N )  S   . Hence we can give the
following corollary.
Corollary 3.30. Let M be an R  module and S
is the set of all units of R . If N is a primal
submodule of M , then
(1) M is coatomic if and only if M S is
coatomic.
(2) M is reduced if and only if M S is reduced.
(3) M is a hollow R  module if and only if
M S is a hollow R  module.
(4) M is a lifting R  module if and only if M S
is a lifting R  module.
(5) M is a local R  module if and only if M S
is a local RS  module.
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(6) N is a maximal submodule of M if and only
if N S is a maximal submodule of M S .
(7) N is essential in M if and only if N S is
essential in M S .
(8) N ˂˂ M if and only if N S ˂˂ M S .
(9) N is a supplemented submodule of M if
and only if N S is a supplemented submodule of
MS .
(10) Rad N S  (Rad N) S .
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هةندىَ مةرج كةوا لة ضةند جوَريَكي دياري كراو لة ثيَوةرةكان دةكات كة تايبةمتةندي خوجيَيتيان هةبيَت
ثوختة
مةبةستمان لة تايبةمتةندي خوَجيَيتى ئةو تايبةمتةنديية كة دةميَنيَتةوة لة ذيَر كاريطةرى بةخوَجيَ كردني ثيَوةرةكان
 ئامانج لةم تويَذينةوةية دوَزينةوةى ئةو مةرجانةية كة بة هوَيانةوة دةتوانني.َة بةليَكدان داخراوةكان
لة كوَمةل
َة بةليَكدان داخراوةكان و
تايبةمتةنديَكى دياري كراوي ثيَوةريَكى دراو بطويَزينةوة بوَ خوَجيَتيةكةى ة كوَمةل
بةثيَضةوانةشةوة ئةمةش واتاي ئةوةية كة دةتوانني ئةو مةرجانة دياري بكةين كة وا لة تايبةمتةنديَكى زانراو ي
ثيَوةريَك دةكات تايبةمتةندي خوَجيَييت هةبيَت و هةروةها ضةند مةرجيَك دةدةين كة بة هوَيانةوة ضةند ثيَوةريَك
.دةتوانيَت ببيَت بة خاوةني تايبةمتةند خوَجيَييت

بعض الشروط والتي تجعل انواعا محددة من المقاسات تملك خاصية التوضيع
الخالصة

.نعني بخاصية التوضيع الخاصية التي تبقى تحت تأثير عملية توضيع المقاسات عند المجموعات المغلقة ضربيا

الهدف من هذا البحث هو ايجاد الشروط التي تمكننامن نقل خاصية معينة لمقاس معلوم الى توضيعه عند المجموعات
المغلقة ضربيا و بالعكس وهذا يعني تحديد الشروط التي تجعل من خاصية معلومة لمقاس لتكون خاصية التوضيع ولذلك

.نعطي شروطا عديدة والتي عند توفرها تجعل انواعا محددة من المقاسات تملك خاصية التوضيع
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ABSTRACT
Phytochemical screening was performed for four plants prevailed in Kurdistan region namely; pomegranate
(Punica granatum), apple (Pyrus malus), red radish (Raphanus sativus) and rocket (Eruca sativa). Results revealed the
presences of carbohydrates, flavonoids, phenolic compounds, tannins, glycosides and saponins in these plants except
the lack of radish to saponins and rocket to glycosides and free amino groups. Considerable differences in the
antibacterial activities among extracts were noticed depending on the used bacterial strain or the type and
concentration of plant extracts. All extracts showed a pronounced antibacterial activity against the growth of
standard strains of bacteria compared with pathogenic ones.
KEYWORD: Phytobiotic, Antibacterial, plant extracts, phytochemical

INTRODUCTION

R

ecently, plant extracts have gained
special interest as sources of natural
antimicrobial agents (Albayrak et.al., 2008).
Also, the acceptance of traditional medicine as
an alternative form of health and care along with
the development of microbial resistance to the
available antibiotics has led researchers to
investigate the potential of antimicrobial activity
of medicinal plants (Nostro et.al., 2000). It is
obvious that these medicinal plants contain
phytochemicals which will find their way in the
arsenal of antimicrobial drugs prescribed by
physicions (Cowan, 1999). Any antibiotic has a
limited effective life and the public is becoming
increasingly aware of problem with the over
prescription of the antibiotics. In addition, many
people, principally in the developed countries
are interested in having more autonomy over
their medical care, so self-medications is
common place (karou et.al., 2005). Accordingly,
a great interest has been developed to find
natural products from available plants as natural
remedies for many diseases caused by different
bacterial strains.
It has been reported that pomegranate
(Punica granatum) juice is an important source
of anthocyanins, which give the fruit its red
colour, as well as some phenolics and tannins
(Kulkarni and Aradhya, 2005). Thus,
pomegranate become more popular because of

its health-promotion phytonutritional contents
(Adams et.al., 2006). Apples (Pyrus malus)
possess many beneficial properties for the
human health related to their high content in
phenolic and flavonoid compounds. The red
colour of some cultivars of apples is due to the
presence of anthocyanins (Wu et.al., 2002).
Traditionally, red radish (Raphanus sativus)
peels are normally thrown away as kitchen waste
in spite of their anthocyanine content
(Tatsuzawa, et.al., 2008). Recently, Middle East
rocket (Eruca sativa) received special attention
being part of human diet and used as green salad
for its strong, spicy and peppery flavor. It
belongs to the family Brassicaceae which is
considered to be an important chemopreventive
plant family (Lamy et.al., 2008).
These plants (pomogrenate, apple, radish and
rocket) have a reputation in Kurdistan region
being cure for some disease. To assess this
possibility, phytochemical screening was
performed for parts of these plants besides an in
vitro investigation on their antibacterial potential
on Gram positive and Gram negative standard
and pathogenic strains of bacteria represented by
Staphylococcus aureus and Escherichia coli
were performed.
MATERIALS AND METHODS
1. Plant materials
Pomegranate (Punica granatum) fruits and
apple fruit skin (Pyrus malus) were obtained
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from Barwari Balla / Duhok, while red radish
peels (Raphanus sativus) and rocket (Eruca
sativa) leaves were obtained from Duhok farms
on December, 2008. these plants were
botanically authenticated at the College of
Agriculture, University of Duhok.
2. Plant extracts
Alcoholic extract (Alc. ext.): Twenty five
grams of plant material was homogenized using
70% ethanol in a food processor, and then stirred
magnetically overnight. The mixture filtrated
and the filtrate was evaporated under vacuum to
obtain Alc. ext. (Banso, 2009).
Flavonoid extract (F. ext.): Five grams of
Alc. ext. was dissolved in 100 ml distilled water
then 125 ml of 1% aqueous lead acetate was
used to precipitate non-flavonoid phenolic
compounds. The filtrate was concentrated and
dissolved in absolute methanol. Fifty milliliter of
1% methanolic lead acetate was used to
precipitate the flavonoid compounds. The
precipitate was washed with 10 ml D.W., then
with 10 ml absolute ethanol and finally with
ethyl acetate (3x10ml). The precipitate was left
to dry at dark room temperature. The dry
precipitate was dissolved in 25 ml acetone + 5
ml (2M) HCl with shaking, and the supernatant
was separated and evaporated under vacuum to
obtain F. ext. (Anderson and Markham, 2006).
Anthocyanin extract (A. ext.): Twenty five
grams of plant material was homogenized with
50 ml of 1% HCl in methanol using food
processor. The mixture stirred magnetically for
12 hr. in an ice bath. The mixture was filtrated
and the filtrate was washed twice with 125 ml of
acidified methanol and the filtrate was taken to
dryness at dark room temperature to obtain A.
ext. (Schofs, 2004).
3. Phytochemical screening
Preliminary qualitative tests on alcoholic
extracts for the studied plants were preformed to
identify the chemical nature of these extracts.
These tests included alkaloids, phenols, tannins,
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glycosides, carbohydrate, flavonoids, free amino
acids and saponins.
4. Antibacterial activity
Antibacterial activity of all prepared plants
extracts were tested against two standards and
pathogentic
strains of Gram positive
Staphylococcus aureus and Gram negative
Escherichia coli bacteria, respectively using
agar-well diffusion method (Turkaglu et.al.,
2007) with slight modifications. Muller Hinton
Agar was prepared and poured into each
sterilized Petri-dish to a depth of (5 mm). The
plates were inoculated with 0.1 ml of bacterial
suspension (with optical density 0.1 at
wavelength 450 mm using spectrophotometer)
by sterile glass spreader. Five equidistant holes
were made in the agar using sterile cork borers
(ø = 7mm). Four different concentrations were
prepared for each plant extract (25, 50, 75, 100
mg/ml). Hundred microliters of each plant
extract concentrations were applied to the holes
using micropipette. Distilled water was used as
control. After 24 – 48 hr of incubation period,
inhibition zones were measured in (mm) as
diameters of clear zones around the wells. All
tests were duplicated.
RESULTS AND DISCUSSION
Table (1) shows the qualitative results for
alcoholic extracts for the studied plants. All
extracts contain carbohydrates, flavonoids,
phenolic compounds, tannins, glycosides and
saponins (except radish which lacks saponins).
No alkaoids were observed in all alcoholic plant
extracts. Rocket lacks free amino groups and
glycosides.
The obtained results in this study indicate
considerable differences in the antibacterial
activities among extracts depending on the
bacterial strain. The activity was more
pronounced against standard strains compared
with pathogenic ones.
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Table (1): Phytochemical analysis of alcoholic extracts for the studied plants.
Plant

Punica granatum

Pyrus malus

Raphanus sativus

Eruca sativa

References

Ninhydrin test

+

+

+

–

Harborne(1984)

Molish test

+

+

+

+

Hawk et. al. (1954)

Dragnedroff

–

–

–

–

Harbone(1984)

Hager

–

–

–

–

Harbone(1984)

Wagner

–

–

–

–

Harbone(1984)

Saponin test

+

+

–

+

Haddad (1965)

Flavonoid test

+

+

+

+

Al-Khazraji (1991)

Phenole test

+

+

+

+

Gayon (1972)

Tannins test

+

+

+

+

Banso (2009)

Before
hydrolysis

+

+

+

+

Harbone(1984)

After
hydrolysis

+

+

+

–

Harbone(1984)

Glycoside test

Alkaloid test

Reagents

The obtained results revealed that all plant
extracts had a pronounced effect against the
growth of Gram positive and Gram negative
standard strains compared with the pathogenic
ones. This could be due to the fact that
pathogenic bacteria undergo many mutations and
consequently become more resistant to
antibiotics .These antibiotics have more potency
against bacterial growth than plants extracts
(Turkoglu et.al., 2007).
All plant extracts shows more potent activity
against Gram positive than negative bacteria.
The reason could be ascribed to the presence of
the outer phospholipidic membrane carrying the

structural lipopolysaccaride in Gram negative
bacteria. The Gram positive bacteria should be
more susceptible having only one outer
peptidoglycan layer which is not an effective
permeability barrier (Nostro et.al., 2000).
As far as pathogenic bacteria, it looks like
that bacteria have higher resistant against the
used plant extracts. Closer look to tables (2 – 5)
revealed that pomegranate, apple and red radish
extracts were ineffective against E. coli and
effective against S. aureus at the highest
concentrations only. On the other hand, rocket
extracts were ineffective against both strains of
pathogenic bacteria.
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Table (2): Antibacterial activity (inhibition zone/mm) of Punica granatum extracts against Gram positive and
Gram negative standard and pathogenic bacteria.
Bacteria

S. aureus
(NCTC6571)

S. aureus
(Pathogenic)

E. coli
(NCTC5933)

E. coli
(Pathogenic)

25

11

---

10

---

50

16

---

13

---

75

20

---

16

---

100

21

15

20

---

25

13

---

10

---

50

14

---

11

---

Extracts &conc. (mg/ml)
Alc.

F.

A.

75

16

---

15

---

100

19

10

16

---

25

13

---

10

---

50

15

---

11

---

75

17

---

15

---

100

24

11

19

---

Table (3): Antibacterial activity (inhibition zone/mm) of Pyrus malus extracts against Gram positive and
Gram negative standard and pathogenic bacteria.
Bacteria

S. aureus
(NCTC6571)

S. aureus
(Pathogenic)

E. coli
(NCTC5933)

E. coli
(Pathogenic)

25

12

---

11

---

50

14

---

13

---

75

17

---

15

---

100

21

12

17

---

25

12

---

10

---

50

14

---

13

---

75

15

---

17

---

100

22

---

19

---

25

13

---

9

---

50

15

---

11

---

75

19

---

15

---

100

20

14

16

15

Extracts & conc.(mg/ml)
Alc. ext.

F. ext.

A. ext.

Table (4): Antibacterial activity (inhibition zone/mm) of Raphanus sativus extracts against Gram positive and
Gram negative standard and pathogenic bacteria.
Bacteria

S. aureus
(NCTC6571)

S. aureus
(Pathogenic)

E. coli
(NCTC5933)

E. coli
(Pathogenic)

25

12

---

10

---

50

14

---

12

---

Extracts &conc. (mg/ml)
Alc. ext.

F. ext.

A. ext.
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75

16

---

14

---

100

19

12

15

13

25

14

---

10

---

50

15

---

11

---

75

16

12

14

---

100

19

14

17

---

25

12

---

10

---

50

15

---

13

---

75

17

---

14

---

100

19

12

18

---
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Table (5): Antibacterial activity (inhibition zone/mm) of Eruca sativa extracts against Gram positive and Gram negative
standard and pathogenic bacteria.
Bacteria

S. aureus
(NCTC6571)

S. aureus
(Pathogenic)

E. coli
(NCTC5933)

E. coli
(Pathogenic)

25

10

---

10

---

50

11

---

11

---

75

15

---

14

---

100

18

---

16

---

25

10

---

10

---

50

13

---

11

---

Extracts &conc. (mg/ml)
Alc. ext.

F. ext.

A. ext.

75

14

---

12

---

100

17

---

15

---

25

12

---

11

---

50

15

---

13

---

75

16

---

15

---

100

21

---

18

---

Regarding standard bacterial strains, all plant
extracts exhibited various reductions in growth
of microorganisms, depending on the extract
concentration and the chemical compositions
present in the studied plant extracts.
Polyphenoles have been reported to exhibit
antibacterial
activity
with
distinguished
characteristics in their reactivity with proteins
related polyamids polymers (Haslam, 1996). The
inhibition of microorganisms caused by phenolic
compounds may be due to iron deprivation or
hydrogen bounding with vital proteins such as
microbial enzymes (Scalbert, 1991).
Phenolic
compounds
notably
proanthocyanidins (often called condensed
tannins) are vulnerable to polymerization in air
through
oxidization
reactions.
Oxidized
condensation of phenols may result in the
toxification
of
microorganisms
(Karou,
et.al.,2005). These supports the fact that
polyphenols may be responsible for the bacterial
activity of the studied plants extracts.
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ثوختة
ظةراكرنا هةلزىَ كيميائى هاتة كرن بو ضار شينايا كو دزالن ل هةريَما كوردستانىَ و دهيَتة ب ناظكرن
) وموظةكى دضت

raphanus sativus

(  تظرا سور, )pyrus

malus())(سيَفpunica grana tum()(هنار

 ثيَكهاتيَت, ) Flavonoids( )CHO(  دظىَ ظةكولينىَ دا هاتية دينت كو هةبونا كاربوهايدراتا, ) eruca sallvc (
)دظان شيناتيادا ذبلى كو كيَمةك ذsaponins( وهةر وةسا, )
 جيَوازيةكا ديار. ) دناظدا هةبو

rocket(و

)

radish

tannins( (compounds phenols

َ) (تظرىamino acid ) دا و(طروثيَن

( , ظينوال

glycosides(

هاتة دينت دناظبةرا ظان ثوختاندا ذاليىَ دذاتيىَ بو بةكرتيا كو خو لسةر جورىَ بةكرتيا وئةركباريا وانا كرت
 هاتة دينت كو هةر شيناى كارىَ دذى بةكرتى دكةت دذى شني بونا ئةركباريَن. وخةستكرنا ثوختيَت ظان شينايا
. َستاندار ييَت بةكرتيا هةظبةركرن دطةل جورىَ نةساخى يى

الخـالصـة

تم التعرف على بعض المكونات الكيميائية لنباتات الرمان والتفاح والفجل والجرجير وأتضح أحتوائها على

 والصابونينات باستثناء الفجل الذي أفتقر، الكاليكوسيدات، المركبات الفينولية، الفالفونويدات،الكاربوهيدرات
 وفيما يخص الفعالية ضد البكتيريا فقد اختلفت.للمركبات الفينولية والجرجير للكاليكوسيدات ومجاميع األمين الحرة

االستجابة تبعاً لساللة البكتريا المستخدمة ونوع المستخلص النباتي وتركيزه حيث أظهرت كل المستخلصات النباتية
) بينما كانت هذهE. coli NCTC5933 وS. aureus NCTC6571( فعالية تثبيطية واضحة ضد نمو البكتيريا القياسية
.)E. coli وS. aureus( الفعاليية التثبيطية أقل تأثيراً تجاه نمو البكتيريا المرضية
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